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@ Introduction

Welcome to your new course! This book is designed to act as a comprehensive
course book, covering the core and AHL material and all the options you might
take while studying for the IB Diploma in Physics at Higher Level. It will also help
you to prepare for your examinations in a thorough and methodical way.

Content

Chapters 1 to 9 provide coverage of the core and AHL material. Chapters 10 to 15
cover the options E to J. HL students are required to study two of these options.
Within each chapter, there are numbered exercises for you to practise and apply
the knowledge that you have gained. The exercises will also help you to assess your
progress. Sometimes, there are worked examples that show you how to tackle a
particularly tricky or awkward question.

Worked example

A car travelling at 30 m s~ ! emits a sound of frequency 500 Hz. Calculate the
frequency of the sound measured by an observer in front of the car.

Solution

This is an example where the source is moving relative to the medium and the
observer is stationary relative to the medium. To calculate the observed frequency,
we use the equation

e
where fo =500 Hz

c=330ms™!

y=30ms"!
So fi= 20230 = 550 Hy

At the end of each chapter, there are practice questions taken from past exam
papers. Towards the end of the book, starting on page 582, you will find answers to
all the exercises and practice questions.

After the options chapters, you will find a Theory of Knowledge chapter, which
should stimulate wider research and the consideration of moral and ethical issues
in the field of physics. Following this, there are two short chapters offering advice
on internal assessment and on writing extended essays.

Finally, there is a short appendix which covers material on the eye and sight. This
is not required study for HL students, but is part of Option A for SL students.




Introduction

Information boxes

You will see a number of coloured boxes interspersed through each chapter. Each
of these boxes provides different information and stimuli as follows.

Assessment statements

7.3.6

7.3.7

13.2.2

13.2.1

Draw and annotate a graph showing the variation with nucleon

number of the binding energy per nucleon.

Solve problems involving mass defect and binding energy.

Describe how the masses of nuclei may be determined using a
Bainbridge mass spectrometer.

Explain how the radii of nuclei may be estimated from charged particle
scattering experiments.

You will find a box like this at the start of each section in each chapter. They are
the numbered objectives for the section you are about to read and they set out the
content and aspects of learning covered in that section.

i
O

Infinity

We can't really take a mass from
infinity and bring it to the point in
question, but we can calculate how
much work would be required if we
did. Is it OK to calculate something
we can never do?

Antimatter

Itis also possible for a proton

to change into a neutron and a
positive electron plus a neutrino.
The positron is in some way the
opposite of an electron — it is called
an antiparticle. The antineutrino v is
also the antiparticle of the neutrino.
Every particle has an antiparticle.
Atoms made of negative positrons
and positive electrons are called
antimatter.

In addition to the Theory of
Knowledge chapter, there are TOK
boxes throughout the book. These
boxes are there to stimulate thought
and consideration of any TOK issues

as they arise and in context. Often they
will just contain a question to stimulate
your own thoughts and discussion.

These boxes contain interesting
information which will add to your
wider knowledge but which does not
fit within the main body of the text.



The electronvolt

Remember 1 eV is the KE gained by
an electron accelerated through a
p.d.of 1V.

TeV=16X1071)J

Different cultures developed
different systems for defining the
different patterns in the stars.

The Greeks had the 12 signs of the
zodiac, the Chinese 28 xiu and the
Indians 27 Nakshatra.

o Examiner’s hint: Since field strength
gis a vector, the resultant field strength
equals the vector sum.

To view a simulation of random
decay, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 7.4.

These facts are drawn out of the main
text and are highlighted. This makes
them useful for quick reference and
they also enable you to identify the
core learning points within a section.

These boxes indicate examples of
internationalism within the area
of study. The information in these
boxes gives you the chance to think
about how physics fits into the
global landscape. They also cover
environmental and political issues
raised by your subject.

These boxes can be found alongside
questions, exercises and worked
examples and they provide insight
into how to answer a question in
order to achieve the highest marks in
an examination. They also identify
common pitfalls when answering such
questions and suggest approaches that
examiners like to see.

These boxes direct you to the
Heinemann website, which in turn
will take you to the relevant website(s).
On the web pages you will find
background information to support
the topic, or video simulations and
animations.




Introduction

Using this book for SL Physics

This book has been written for students studying HL physics but can also be used
by SL students. If you are studying SL physics you do not have to study all of the
HL core material.

SL options

SL options A, B and C are the same as the HL core:

A Sight and Wave Phenomena

This is the same as the AHL material in Chapter 4 plus the material on the eye in
the Appendix (pp. 577-581).

B Quantum and Nuclear Physics
This is the same as the AHL material in Chapter 7.

C Digital Technology
This is the same as the AHL material in Chapter 9 plus the section on electronics

and the mobile phone in Chapter 11.

So if you are an SL student and you study up to and including Chapter 9 you will
have done the SL core plus three options (you only need to do two).

The remaining SL options are parts of the HL options.

D Relativity and Particles
This is the first part of Chapter 13 and the first part of Chapter 15.

E Astrophysics
This is the first part of Chapter 10.

F Communications
This is the same as Chapter 11 without the part on electronics and the mobile phone.

G Electromagnetic Waves
This is the first part of Chapter 12.

Worked Solutions

Full worked solutions to all exercises and practice questions can be found online at
www.pearsonbacc.com/solutions.



Chysics and physical
measurement

Q Fundamental quantities

Assessment statements

1.1.1 State and compare quantities to the nearest order of magnitude.

1.1.2  State the ranges of magnitude of distances, masses and times that
occur in the universe, from the smallest to the greatest.

1.1.3 State ratios of quantities as differences of orders of magnitude.

1.1.4 Estimate approximate values of everyday quantities to one or two
significant figures and/or to the nearest order of magnitude.

1.2.1  State the fundamental units in the SI system.

1.2.2  Distinguish between fundamental and derived units and give examples
of derived units.

1.2.3  Convert between different units of quantities.

1.2.4 State units in the accepted SI format.

1.2.5 State values in scientific notation and in multiples of units with
appropriate prefixes.

The metre
POSItlon The metre was ongwjally defined
in terms of several pieces of metal
Physics is about modelling our universe. To do this, we need to define the things positioned around Paris. This wasn't
inside it. Each thing is different for many reasons, but one of the most important very accurate so now one metre s

defined as the distance travelled
by light in a vacuum in 5554572 of
a second.

differences is their different positions. To define position, we use the quantity
distance; this is how far the object is away from us. To quantify (put a number to) this
difference we compare the distance with some standard measure (the metre rule).
All distances can then be quoted as multiples of this fundamental unit, for example:

The distance from Earth to the Sun = 1.5 X 101! m
The size of a grain of sand = 2 X 10™*m
The distance to the nearest star = 4 X 10'°m

Itis also acceptable to use a prefix
to denote powers of 10

The radius of the Earth = 6.378 X 10°m Prefix Value
T (tera) 102
Standard form G (giga) 109
The quantities above are expressed in standard form. This means that there is only M (mega) 10°
one number to the left of the decimal place. For example: k (kilo) 103
1600 m in standard form is 1.6 X 10°m B — 10-2
_ Eecse | L
u (micro) 10°°
1 Convert the following into metres (m) and write in standard form: _
n (nano) 107°
(a) Distance from London to New York = 5585 km
(b) Height of Einstein was 175 cm p (pico) 10712
(c) Thickness of a human hair = 25.4 pm f (femto) 10-15
(d) Distance to edge of the universe = 100000 million million million km




The second

The second was originally defined
as a fraction of a day but today's
definition is ‘the duration of
9192631770 periods of the
radiation corresponding to the
transition between the two
hyperfine levels of the ground state
of the caesium-133 atom!.

If nothing ever happened, would
there be time?

The kilogram

The kilogram is the only
fundamental quantity that is still
based on an object kept in Paris.
Moves are underway to change
the definition to something that is
more constant and better defined
but does it really matter? Would
anything change if the size of the
‘Paris mass’changed?

Physics and physical measurement

@)

n

Time
When something happens we call it an event. To distinguish between different

events we use time. The time between two events is measured by comparing to
some fixed value, the second. Time is also a fundamental quantity.

Some examples of times:

Time between beats of a human heart = 1s

Time for the Earth to go around the Sun = 1 year
Time for the Moon to go around the Earth = 1 month

2 Convert the following times into seconds (s) and write in standard form:
(@) 85 years, how long Newton lived
(b) 2.5ms, the time taken for a mosquito’s wing to go up and down
(c) 4 days, the time it took to travel to the Moon
(d) 2 hours 52 min 595, the time for Concord to fly from London to New York

Mass

If we pick different things up we find another difference. Some things are easy
to lift up and others are difficult. This seems to be related to how much matter
the objects consist of. To quantify this we define mass measured by comparing
different objects to a piece of metal in Paris, the standard kilogram.

Some examples of mass:
Approximate mass of a man = 75kg
Mass of the Earth = 5.97 X 10*kg
Mass of the Sun = 1.98 X 10*°kg

3 Convert the following masses to kilograms (kg) and write in standard form:
(@) The mass of an apple = 2009
(b) The mass of a grain of sand = 0.00001 g
(c) The mass of a family car = 2 tonnes

Volume

The space taken up by an object is defined by the volume. Volume is measured
in cubic metres (m?). Volume is not a fundamental unit since it can be split into
smaller units (m X m X m). We call units like this derived units.

4 (Calculate the volume of a room of length 5 m, width 10 m and height 3 m.

5 Using the information from page 1, calculate:
(a) the volume of a human hair of length 20 cm
(b) the volume of the Earth.



Density

By measuring the mass and volume of many different objects we find that if the
objects are made of the same material, the ratio mass/volume is the same. This
quantity is called the density. The unit of density is kg m~>. This is another derived
unit.

Examples include:

Density of water = 1.0 X 10°kgm
Density of air = 1.2kgm

Density of gold = 1.93 X 10*kgm™?

6 Calculate the mass of air in a room of length 5 m, width 10 m and height 3 m.
7 Calculate the mass of a gold bar of length 30 cm, width 15 cm and height 10 cm.
8 Calculate the average density of the Earth.

Displacement

So far all that we have modelled is the position of things and when events take
place, but what if something moves from one place to another? To describe the
movement of a body, we define the quantity displacement. This is the distance
moved in a particular direction.

< Figure 1.1 Displacements on a
map.

The unit of displacement is the same
as length: the metre.

—_—=

Example:

Refering to the map in Figure 1.1:

If you move from B to C,

your displacement will be 5 km north.

If you move from A to B, T
5km

your displacement will be 4 km west.

Summary of Sl units

The International System of units is the set of units that are internationally
agreed to be used in science. It is still OK to use other systems in everyday life
(miles, pounds, Fahrenheit) but in science we must always use SI. There are seven
fundamental quantities.

Base quantity Name Symbol
length metre m

mass kilogram kg

time second S
electric current ampere A
thermodynamic temperature kelvin K
amount of substance mole mol
luminous intensity candela cd




Physics and physical measurement

All other SI units are derived units; these are based on the fundamental units and
will be introduced and defined where relevant. So far we have come across just two.

Derived quantity Symbol Base units
volume m?3 mXmXxXm
. kg

-3
density kgm XM

@ Measurement

Assessment statements

1.2.6  Describe and give examples of random and systematic errors.
1.2.7 Distinguish between precision and accuracy.
1.2.8 Explain how the effects of random errors may be reduced.
1.2.9 Calculate quantities and results of calculations to the appropriate
number of significant figures.
Even this huge device at CERN has
uncertainties.
v Uncertainty and error in measurement

The SI system of units is defined so that we all use the same
sized units when building our models of the physical world.
However, before we can understand the relationship between
different quantities, we must measure how big they are. To
make measurements we use a variety of instruments. To
measure length, we can use a ruler and to measure time, a
clock. If our findings are to be trusted, then our measurements
must be accurate, and the accuracy of our measurement
depends on the instrument used and how we use it. Consider
the following examples.

Measuring length using a ruler

Estimating uncertainty O

When using a scale such as a ruler Example 1

the uncertainty in the reading is 1 . . .

Fithe st eividem, i {hs caee A good straight ruler marked in mm is used to measure the length of a rectangular
the smallest division is 1 mm so the piece of paper as in Figure 1.2.

uncertainty is 0.5 mm.

Figure 1.2 Length = 640 £0.05cm. ’

The ruler measures to within 0.5 mm (we call this the uncertainty in the
measurement) so the length in cm is quoted to 2 dp. This measurement is precise

and accurate.




Example 2

Figure 1.3 shows how a ruler with a broken end is used to measure the length of
the same piece of paper. When using the ruler, you fail to notice the end is broken
and think that the 0.5 cm mark is the zero mark.

This measurement is precise since the uncertainty is small but is not accurate since
the value 6.90 cm is wrong.

Example 3

A cheap ruler marked only in 1 cm is used to measure the length of the paper as in
Figure 1.4.

These measurements are not precise but accurate, since you would get the same
value every time.

Example 4

In Figure 1.5, a good ruler is used to measure the maximum height of a bouncing
ball. Even though the ruler is good it is very difficult to measure the height of the
bouncing ball. Even though you can use the scale to within 0.5 mm, the results are
not precise (may be about * 0.2 cm). However, if you do enough runs of the same
experiment, your final answer could be accurate.

Errors in measurement

There are two types of measurement error — random and systematic.

Random error

If you measure a quantity many times and get lots of slightly different readings then
this called a random error. For example, when measuring the bounce of a ball it is
very difficult to get the same value every time even if the ball is doing the same thing.

Systematic error

This is when there is something wrong with the measuring device or method.
Using a ruler with a broken end can lead to a ‘zero error’ as in Example 2 above.
Even with no random error in the results, you'd still get the wrong answer.

Reducing errors

To reduce random errors you can repeat your measurements. If the uncertainty
is truly random, they will lie either side of the true reading and the mean of these
values will be close to the actual value. To reduce a systematic error you need to find

< Figure 1.3 Length = 6.90 = 0.05cm.

If you measure the same thing
many times and get the same
value, then the measurement is
precise.

If the measured value is close to the
expected, then the measurement is
accurate. If a football player hit the
post 10 times in a row when trying
to score a goal, you could say the
shots are precise but not accurate.

< Figure 1.4 length = 6.5 = 0.25cm.

A
Figure 1.5 Height = 5.0 = 0.2cm.

%)

It is not possible to measure
anything exactly. This is not
because our instruments are not
exact enough but because the
quantities themselves do not exist
as exact quantities.
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out what is causing it and correct your measurements accordingly. A systematic
error is not easy to spot by looking at the measurements, but is sometimes apparent
when you look at the graph of your results or the final calculated value.

@ Collecting data

Assessment statements
1.2.10 State uncertainties as absolute, fractional and percentage uncertainties.
1.2.11 Determine the uncertainties in results.

Measurement in practice

Approximately one quarter of this course will be taken up with practical work,
where you will be measuring quantities and doing calculations. There are
certain accepted ways of handling data and the uncertainties they contain. In the
following section we will go through the way to make tables, draw graphs and
handle uncertainties. If you follow this method you will gain good marks in the
internally assessed part of the course.

To illustrate the method we will consider a simple experiment. You are presented
with 6 metal cubes and asked to find the density of the metal. The apparatus
supplied is a good ruler and an electronic balance. The ruler has millimetre
divisions and the balance measures down to 0.1 g.

Density is defined as mass/volume, so to find density we must measure mass and
volume. As the samples are cubes we only need to measure one side. We can then
find the volume by cubing this value.

Repeating measurements

@ Examiner’s hint: It's OK to use Each cube has a different side length and mass. To make sure each mass is
non-Slunits such as grams when connected to the correct side length we put our data into a table; it is also simpler

collecting d,ata' However, your ﬁn,al if we use a spreadsheet to perform calculations.
result (density) should be in Sl units.

The cubes are not perfectly uniform so the side length depends upon which length

e Examiner’s hint: The number of . . .
we choose. To reduce the uncertainty in this measurement we measure the cube

decimal places in the data should be
consistent with the uncertainty. It would four times and find the average side length. However, if we measure the mass of

be wrong to write 24000 cm since the the cube we get exactly the same measurement each time and there is therefore no

uncertainty is = 0,05 cm point in repeating this measurement.

Table 1.1 > Mass/g Length 1/cm | Length 2/cm | Length 3/cm | Length 4/cm
+0.1g +0.05cm +0.05cm +0.05cm +0.05cm
124.1 2.40 2.30 2.50 2.40
235.2 3.00 3.10 2.90 3.00
344.0 3.40 3.30 3.40 3.50
463.2 3.70 3.80 3.60 3.70
571.2 4.00 4.10 3.90 4.00
660.0 4.20 4.30 4.10 4.20

Note: The uncertainty in each length measurement is 0.05 cm. However the actual
uncertainty is greater as the spread of values demonstrates.




Processing data

In this example we are first going to find the average side length and then the
volume. If we look at the data we can see that the spread of data is more than the
uncertainty in the ruler scale so we will also calculate the uncertainty in these
values. When we know that, we can find out the uncertainty in the volume. This is
found by calculating the maximum and minimum volumes using the maximum
and minimum values for length. Even in this simple experiment there will be a
lot of calculations, so it is advisable to use a spreadsheet (such as Excel) for doing

this. . .
This is calculated using the formula

((max length)® — (min length)?)/2
This is found by calculating
(max length — (min length)/2

Uncertainty Uncertainty
I\ilgs1s/g Ierl:n(:ﬁ?cm in Volume/cm? in
=919 9 length/=cm volume/=cm?3
1241 2.4 0.1 14 2
2352 3.0 0.1 27 3
344.0 3.4 0.1 39 3
463.2 3.7 0.1 51 4
571.2 4.0 0.1 64 5
660.0 4.2 0.1 74 5

Presenting processed data

Assessment statements

1.2.12 Identify uncertainties as error bars in graphs.

1.2.13 State random uncertainty as an uncertainty range () and represent it
graphically as an ‘error bar’.

1.2.14 Determine the uncertainties in the gradient and intercepts of a
straight-line graph.

You could simply calculate the density of the metal for each cube and find the
average but there are many advantages to using a graphical method. In this
example, we know that the mass and volume are related by the equation m = pV
where p is the density.

This means that mass is proportional to volume, so plotting a graph of mass (on
the y-axis) against volume (on the x-axis) will give a straight line. The gradient
of the line will be the density and the y-intercept will be zero. Because there are
uncertainties in the data, we don’t know exactly where to plot the line; for this
reason we plot error bars on each point as shown in Figure 1.6. This graph has
been plotted with a computer program (e.g. Graphical Analysis by Vernier) that
automatically plots the best fit line and the error bars.

o Examiner’s hint: It is well worth
learning how to use a spreadsheet
programme for analysing data.

® Examiner’s hint: The number
of decimal places in the data must
not exceed the uncertainty and the
uncertainty has been rounded off to
1 significant figure.

4 Table 1.2

The general equation of a straight
line is

y=mx-+c

Where m is the gradient and c is
the y-intercept. Any equation that
has the same form will also be
linear.

o Examiner’s hint: As with
spreadsheets, it is also worth practising

with graph plotting software.
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Figure 1.6 Graph of mass vs volume >
with error bars
As we can see, the gradient or slope 600 - ‘
L 3 i Linear Fit for: Data Set | Mass
of the line is 8.999 g cm~3; this is the me—aVvib
density of the metal. a(Slope): 8.999 g/cm?
b (Y-intercept): 0.00g
Correlation: 0.9998
RMSE: 4.991

400

Mass/g

200

20 40 60 80
Volume/cm3

To find out more about graph
plotting visit www.heinemann.

6 Uncertainties in gradients

We can see from Figure 1.6 that the line shown is not the only straight line that can

OGS, Einie 612 @orEss be drawn through the error bars; there are in fact a whole range of them. Using the

code 4426P and click on . - . .

Weblink 1.1, steepest and least steep lines that we can draw will give us the uncertainty in the
gradient. The computer program also enables us to do that, as shown in Figure 1.7.

Figure 1.7 Graph of mass vs volume > Manual Fit for: Data Set | Mass
. . m=aV+b
with steepest and least steep lines. a(Slope): 8.099 g/cm?
600 - b (Y-intercept): 23.16 g

Linear Fit for: Data Set | Mass
m=aV+b

a(Slope): 8.999 g/cm?

b (Y-intercept): 0.00 g
Correlation: 0.9998
RMSE: 4.991

400

Mass/g

200

Manual Fit for: Data Set | Mass
m=aV+b

a(Slope): 10.10 g/cm?

b (Y-intercept): —35.34 g

20 40 60 80
Volume/cm?3

The maximum gradient is 10.1 and the minimum is 8.1 so the uncertainty is

(10.1 —8.1) -
= lgcm

So our final result is that the density of the metal in ST units is
9000 £1000kgm™>.

3

Note the number of significant figures is reduced so that it is consistent with the

uncertainty.




If we look up the density of metals we find that the density of copper is 8920 kgm™>.
This is only 80 kg m~>less than our value. We can therefore conclude that within the
uncertainties of our experiment the cubes could be made of copper.

Percentage uncertainties

In the example above, the uncertainties were expressed as +1000 kg m 2. This is

called an absolute uncertainty. Uncertainties can also be expressed as a simple ® Examiner’s hint: Even though you

. . 1000 use absolute uncertainties in all your
percentage. In this case the percentage uncertainty would be (9000) X 100 = 11% practical work you might be asked how
to manipulate percentage uncertainties
in the exam.

When you multiply values, you can find the uncertainty of the result by adding the
percentage uncertainties. However when dealing with tables of data, it is simpler
to use the method described previously. So if the uncertainty in length is 4%, the
uncertainty in volume is 3 X 4% = 12%.

9 To measure the volume of an object, two lengths /, and /, are measured.

L, =1025=*=005cm
l, = 1545 = 0.05cm
Calculate:

(@) the % uncertainty in /;
(b) the % uncertainty in /,
(c) the area of the object
(d) the % uncertainty in the area.

Other information from graphs

A graph is not only a way to find a value, it also gives us information about the
validity of the data. Here are some examples.

An outlier

If you have made a mistake, it will show on the graph as an outlier. This is a point
that does not fit the line, like the one in Figure 1.8.

< Figure 1.8 Graph with an outlier.

600

400 1

Mass/g

Linear Fit for: Data Set | Mass |

200

20 40 60 80
Volume/cm?3
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1004 A non-zero intercept

If the intercept is supposed to be zero but isn’t, this could be due to a systematic
error. For example, if all the mass measurements had been 10 g too big, we would
T get an intercept of 10 g as in Figure 1.9.

A non-linear trend

Relationships in physics are not always linear. This is shown by the graph in

0 A Figure 1.10, where the straight line does not fit, but there is a clear relationship.
A
Figure 1.9 A non-zero intercept. 50 - —
40
30 A
o
=
~
& =
=
20+
[
10
i
Figure 1.10 Graph with a non-linear > 0 | | |
trend - the line does not pass through 3 5 7
the error bars. Length/m

@ Vectors and scalars

Scalar O Assessment statements
A quantity with magnitude only. 1.3.1  Distinguish between vector and scalar quantities, and give examples of
Vector
o ) each.
A quantity with magnitude and

1.3.2 Determine the sum or difference of two vectors by a graphical method.
1.3.3  Resolve vectors into perpendicular components along chosen axes.

direction.

So far we have dealt with six different quantities:

e Length

e Time

—_—r>=

e Mass
e Volume
e Density

e Displacement

5km All of these quantities have a size, but displacement also has a direction. Quantities

A that have size and direction are vectors and those with only size are scalars; all
Figure 1.11 Displacements shown on quantities are either vectors or scalars. It will be apparent why it is important to
amap. make this distinction when we add displacements together.




Example
Consider two displacements one after another as shown in Figure 1.11.

Starting from A walk 4 km west to B, then 5 km north to C.

The total displacement from the start is not 5 + 4 but can be found by drawing a
line from A to C.

We will find that there are many other vector quantities that can be added in the
same way.

Addition of vectors

Vectors can be represented by drawing arrows. The length of the arrow is
proportional to the magnitude of the quantity and the direction of the arrow is the
direction of the quantity.

To add vectors the arrows are simply arranged so that the point of one touches the
tail of the other. The resultant vector is found by drawing a line joining the free tail
to the free point.

Example

Figure 1.11 is a map illustrating the different displacements. We can represent the
displacements by the vectors in Figure 1.12.

Calculating the resultant: 5km Resultant
If the two vectors are at right angles to each other then the resultant will be
the hypotenuse of a right-angled triangle. This means that we can use simple
trigonometry to relate the different sides.
4km

A

Figure 1.12 Vector addition.

@ Examiner’s hint: Not all vectors add

o . Hypotenuse up to give right-angled triangles but as
pposite these are the easy ones to solve we will
consider only these in this course.
(4
Adjacent  Figure 1.13

You will find cos, sin and tan buttons on your calculator. These are used to
calculate unknown sides of right-angled triangles.

Sin 0 = Opposite
¥~ Hypotenuse

Cos 0 = Adjacent
2% Y~ Hypotenuse

Tan 6 = Opposite

Adjacent
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Vector symbols O

To show that a quantity is a vector . . .
L . 10 Use your calculator to find x in the following triangles.
we can write it in a special way. In

textbooks this is often in bold (A) &) (b)
but when you write you can put an 50°
arrow on the top. In physics texts X
the vector notation is often left out. A
This is because if we know that the
symbol represents a displacement, A
then we know it is a vector and
don’t need the vector notation to 3cm
remind us. A
(c) (d)
X
3cm
//‘ X \N
30°

Pythagoras

The most useful mathematical relationship for finding the resultant of two

perpendicular vectors is Pythagoras’ theorem.

Hypotenuse? = adjacent® + opposite?

11 Use Pythagoras'theorem to find the hypotenuse in the following examples.

(a) (b)
3cm
4cm
4cm
4cm
2cm

(c) (d)

Using trigonometry to solve vector problems

Once the vectors have been arranged point to tail it is a simple matter of applying
the trigonometrical relationships to the triangles that you get.

Draw the vectors and solve the following problems using Pythagoras'theorem.

12 A boat travels 4 km west followed by 8 km north. What is the resultant displacement?

13 A plane flies 100 km north then changes course to fly 50 km east. What is the resultant
displacement?




Vectors in one dimension

Which direction is +?

In this course we will often consider the simplest examples where the motion is You can decide for yourself which
restricted to one dimension, for example a train travelling along a straight track. In direction you want to be positive
examples like this there are only two possible directions — forwards and backwards. Sg;\?;:f;lzly we follow the

To distinguish between the two directions,we give them different signs (forward Right +  Left —

+ and backwards —). Adding vectors is now simply a matter of adding the North + South —
magnitudes, with no need for complicated triangles. Up + Down —

‘ Figure 1.14 The train can only move
forwards or backwards.

Worked example

If a train moves 100 m forwards along a straight track then 50 m back, what is its o Examiner’s hint: There isn't really

final displacement? any need to draw vector diagrams
when doing one-dimensional problems.
Solution However, you must never forget that the

. . sign gives the direction.
Figure 1.15 shows the vector diagram. o

100m > 4 Figure 1.15 Adding vectors in one
dimension.
50m
The resultant is clearly 50 m forwards.
Subtracting vectors
Now we know that a negative vector is simply the opposite A

direction to a positive vector, we can subtract vector B from
vector A by changing the direction of vector B and adding

it to A. % B B
A—B=A+(—B)

i A
Taking components of a vector Figure 1.16 Subtracting vectors,

Consider someone walking up the hill in Figure 1.17. They walk 5 km up the slope
but want to know how high they have climbed rather than how far they have
walked. To calculate this they can use trigonometry.

‘ Figure 1.17 5 km up the hill but how

high?

' not next to

the angle
Asind A
Height = 5 X sin 30° nextto the
angle
The height is called the vertical component of the displacement. 0 /
The horizontal displacement can also be calculated. Y R
Horizontal displacement = 5 X cos 30° A
Figure 1.18 An easy way to

This process is called ‘taking components of a vector’ and is often used in solving remember which is cos is to say
physics problems. that it's ‘becos it's next to the angle’



e Examiner’s hint: Question 1 is about
analysing data. It is a typical Paper 2
question. You don't have to know
anything about permittivity to answer it.
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14 If a boat travels 10 km in a direction 30° to the east of north, how far north has it travelled?

15 On his way to the South Pole, Amundsen travelled 8 km in a direction that was 20° west of south.
What was his displacement south?

16 A mountaineer climbs 500 m up a slope that is inclined at an angle of 60° to the horizontal. How
high has he climbed?

Practice questions

1 This question is about measuring the permittivity of free space &,.
The diagram below shows two parallel conducting plates connected to a variable voltage
supply. The plates are of equal areas and are a distance d apart.

|

variable voltage supply d v

[

The charge Q on one of the plates is measured for different values of the potential
difference V applied between the plates. The values obtained are shown in the table
below. The uncertainty in the value of Vis not significant but the uncertainty in Q is

+10%.
VIV Q/nC = 10%
10.0 30
20.0 80
30.0 100
40.0 160
50.0 180
(a) Plot the data points opposite on a graph of V (x-axis) against Q (y-axis). (4)

(b) By calculating the relevant uncertainty in @, add error bars to the data points
(10.0, 30) and (50.0, 180). 3)
(c) On your graph, draw the line that best fits the data points and has the maximum
permissible gradient. Determine the gradient of the line that you have drawn.  (3)
(d) The gradient of the graph is a property of the two plates and is known as

capacitance.
Deduce the units of capacitance. (1)



The relationship between Q and Vfor this arrangement is given by the expression

_&A
0=

where A is the area of one of the plates.
In this particular experiment A = 0.20 = 0.05m? and d = 0.50 = 0.01 mm.

(e) Use your answer to (c) to determine the maximum value of ¢, that this
experiment yields. (4)
(Total 15 marks)
© |International Baccalaureate Organisation

A student measures a distance several times. The readings lie between 49.8 cm and

50.2 cm. This measurement is best recorded as

A 49.8 = 0.2cm.

B 49.8 = 0.4cm.

C 50.0 = 0.2cm.

D 50.0 = 0.4cm. (1)
© International Baccalaureate Organisation

The time period T of oscillation of a mass m suspended from a vertical spring is given by
the expression
T= 277\/%

Which one of the following plots will give rise to a straight-line graph?

A TZagainst m

B T againstv'm

C Tagainst m

D VT against m (1)
© |International Baccalaureate Organisation

where kis a constant.

The power dissipated in a resistor of resistance R carrying a current /is equal to /2R. The

value of /has an uncertainty of ==2% and the value of R has an uncertainty of +10%.

The value of the uncertainty in the calculated power dissipation is

A +8%.

B +12%.

C *14%.

D #*20%. (1)
© International Baccalaureate Organisation

An ammeter has a zero offset error. This fault will affect

A neither the precision nor the accuracy of the readings.

B only the precision of the readings.

C only the accuracy of the readings.

D both the precision and the accuracy of the readings. (1)
© International Baccalaureate Organisation
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6 When a force Fof (10.0 + 0.2) N is applied to a mass m of (2.0 = 0.1) kg, the

percentage uncertainty attached to the value of the calculated acceleration % is

A 2%.

B 5%.

C 7%.

D 10%. (M

© International Baccalaureate Organisation

7 Which of the following is the best estimate, to one significant digit, of the quantity
shown below?

a7 X 8.1
A 15 (15.9)
B 2.0
C 538
D 6.0 (1)

© International Baccalaureate Organisation

8 Two objects X and Y are moving away from the point P. The diagram below shows the
velocity vectors of the two objects.

Velocity vector for object Y

S
Cd

Velocity vector for object X

Which of the following velocity vectors best represents the velocity of object X relative to
object Y?

/A/ \

\ /D/

M

© International Baccalaureate Organisation

9 The order of magnitude of the weight of an apple is

A 1074N.
B 1072N.
C 1N

D 102N. (1)
© International Baccalaureate Organisation
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Assessment statements

2.1.1 Define displacement, velocity, speed and acceleration.

2.1.2  Explain the difference between instantaneous and average values of
speed, velocity and acceleration.

2.1.3  Outline the conditions under which the equations for uniformly
accelerated motion may be applied.

2.1.9 Determine relative velocity in one and in two dimensions.

In Chapter 1, we observed that things move and now we are going to
mathematically model that movement. Before we do that, we must define some
quantities that we are going to use.

Displacement and distance

It is important to understand the difference
between distance travelled and displacement.

4 Figure 2.1

b 4

To explain this, consider the route marked
B A

out on the map shown in Figure 2.1
Displacement is the distance moved in a C i ;
particular direction.

The unit of displacement is the metre (m). I_|_|_|_5|_lf£|n_|_l_|_l

Displacement is a vector quantity.

On the map, the displacement is the length of the straight line from A to B, a
distance of 5 km west. (Note: since displacement is a vector you should always say
what the direction is.)

Distance is how far you have travelled from A to B.
The unit of distance is also the metre.
Distance is a scalar quantity.

In this example, the distance travelled is the length of the path taken, which is
about 10 km.

Sometimes this difference leads to a surprising result. For example, if you run all
the way round a running track you will have travelled a distance of 400 m but your
displacement will be 0 m.

In everyday life, it is often more important to know the distance travelled. For
example, if you are going to travel from Paris to Lyon by road you will want to
know that the distance by road is 450 km, not that your final displacement will be
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336 km SE. However, in physics, we break everything down into its simplest units,
so we start by considering motion in a straight line only. In this case it is more
useful to know the displacement, since that also has information about which
direction you have moved.

Velocity and speed

Both speed and velocity are a measure of how fast a body is moving, but velocity is
a vector quantity and speed is a scalar.

Velocity is defined as the displacement per unit time.

displacement

velocity = time

The unit of velocity is m s~

Velocity is a vector quantity.

Speed is defined as the distance travelled per unit time.

distance

speed = —=
P time

The unit of speed is also ms™L.

Speed is a scalar quantity.

Figure 2.2 [t's not possible to take 1 Convert the following speeds into m s~
this route across Bangkok with a (@) Acartravellingat 100kmh™!
constant velocity. (b) A runner running at 20kmh~!

v

Average velocity and instantaneous velocity

Consider travelling by car from the north of Bangkok to the south — a distance

of about 16 km. If the journey takes 4 hours, you can calculate your velocity to

be % = 4kmh™!in a southwards direction. This doesn’t tell you anything about
the journey, just the difference between the beginning and the end (unless you
managed to travel at a constant speed in a straight line). The value calculated is the
average velocity and in this example it is quite useless. If we broke the trip down
into lots of small pieces, each lasting only one second, then for each second the car
could be considered to be travelling in a straight line at a constant speed. For these
short stages we could quote the car’s instantaneous velocity — that’s how fast it’s
going at that moment in time and in which direction.

The bus in the photo has a constant }
velocity for a very short time.




Measuring velocity

You can measure velocity Photogate 1 Photogate 2 < Figure 2.3 Experimental set up for
with a photogate connected measuring velocity.
to a timer or computer.
When a card passes
through the gate it is

. [
sensed by the timer,
switching it on or off.

<«—  Distance ——— >

distance
time taken to travel between photogates

average velocity =

length of card
time for card to pass through gate

instantaneous velocity =

Velocity is relative

When quoting the velocity of a body, it is important to say what the velocity is
measured relative to. Consider the people in Figure 2.4

4 Figure 2.4 Two observers measuring

—_ «— the same velocity.
A D
C measures the velocity of A to be 1 ms™! but to B (moving on the truck towards ® Examiner’s hint: Velocity is a vector.

C) the velocity of Ais —9ms™! (Bwill see A moving away in a negative direction). If the motion is in one dimension, the
direction of velocity is given by its

You might think that A can’t have two velocities, but he can — velocity is relative. sign. Generally, right is positive and left
In this example there are two observers, B and C. Each observer has a different negative.

‘frame of reference’. To convert a velocity, to B’s frame of reference, we must

subtract the velocity of Brelative to C; thisis 10ms™!.

So the velocity of A relativeto B=1— 10 = —9ms™!

We can try the same with D who has a velocity of —1 ms™! measured by C and
—1— 10 = —11ms ' measured by B.

This also works in two dimensions as follows:

A now walks across the road as illustrated by the aerial view in Figure 2.5. The
velocity of A relative to Cis 1 ms™! north.

< Figure 2.5 A now walks across the

road..
e 10ms™'
—
T1ms_1 \<\]\

Figure 2.6 Subtracting vectors gives
the relative velocity.

The velocity of A relative to B can now be found by subtracting the vectors as
shown in Figure 2.6.

2 An observer standing on a road watches a bird flying east at a velocity of 10m s~'. A second
observer, driving a car along the road northwards at 20 m s~ sees the bird. What is the velocity of
the bird relative to the driver?
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Bodies

When we refer to a body in physics
we generally mean a ball not a
human body.

Figure 2.7 A red ball is accelerated at ’
a constant rate.

Acceleration

In everyday usage, the word accelerate means to go faster. However in physics:
acceleration is defined as the rate of change of velocity.

change of velocity
time

acceleration =

The unit of acceleration is m s 2.

Acceleration is a vector quantity.

This means that whenever a body changes its velocity it accelerates. This could be
because it is getting faster, slower or just changing direction. In the example of the
journey across Bangkok, the car would have been slowing down, speeding up and
going round corners almost the whole time, so it would have had many different
accelerations. However, this example is far too complicated for us to consider in
this course (and probably any physics course). For most of this chapter we will
only consider the simplest example of accelerated motion, constant acceleration.

Constant acceleration in one dimension

In one-dimensional motion, the acceleration, velocity and displacement are all in
the same direction. This means they can simply be added without having to draw
triangles. Figure 2.7 shows a body that is starting from an initial velocity u and
accelerating at a constant rate to velocity v in ¢ seconds. The distance travelled in
this time is s. Since the motion is in a straight line, this is also the displacement.

u a v
—_— e —_—

time =0 time =t

S

Using the definitions already stated, we can write equations related to this
example.

Average velocity

. . displacement
From the definition, the average velocity = pﬁT

So average velocity = % (1)

Since the velocity changes at a constant rate from the beginning to the end, we can
also calculate the average velocity by adding the velocities and dividing by two.

+
Average velocity = (MZJ (2)

Acceleration

Acceleration is defined as the rate of change of velocity.

Soa=-—7F"— (3)

We can use these equations to solve any problem involving constant acceleration.
However, to make problem solving easier, we can derive two more equations by
substituting from one into the other.



Equating equations (1) and(2)

s (u+w)
t 2
S0 s=7(u—zv)t (4)

Rearranging (3) gives v = u + at

If we substitute for vin equation (4) we get s = ut + %at2 (5)

. o v—u
Rearranging (3) again gives t = T)
If tis now substituted in equation (4) we get v* = 1% + 2as (6)

These equations are sometimes known as the suvat equations. If you know any 3
of suva and tyou can find either of the other two in one step.

Worked example

1 A car travelling at 10 m s~ ! accelerates at 2 ms ™2 for 5s. What is its displacement?

Solution
The first thing to do is draw a simple diagram like Figure 2.8.

a =2ms?
u— 10ms™!
time =0 time = 5s

This enables you to see what is happening at a glance rather than reading the text.
The next stage is to make a list of suvat.

s=7
u=10ms™!
y=7
a=2ms?
t=>5s

To find s you need an equation that contains suat. The only equation with all 4 of
these quantities is s = ut + %at2

Using this equation gives:
s=10X5+3X2x5
s=75m

The sign of displacement, velocity and
acceleration

We must not forget that displacement, velocity and acceleration are vectors. This
means that they have direction. However, since this is a one-dimensional example,
there are only two possible directions, forward and backward. We know which
direction the quantity is in from the sign.

A positive displacement means that the body has moved right.

A positive velocity means the body is moving to the right.

O suvat equations
a

_(v—u
- t
5:(u+v)t
2
s = ut +1af’
v2 = 1%+ 2as

<4 Figure 2.8 A simple diagram is always
the best start.

@ Examiner’s hint: You don't need to
include units in all stages of a calculation,
just the answer.
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5ms —_ U=10ms-! A positive acceleration means that the
< < body is either moving to the right and
getting faster or moving to the left and
getting slower. This can be confusing, so
consider the following example.

time = 5s time =0
A
Figure 2.9 The car is travelling in a negative direction so the velocities are negative.
u=—10ms"!
v=—5ms"!
t=>5s
The acceleration is therefore given by
_v—uw) _ —5--10_ -
= T 5 =1ms
The positive sign tells us that the acceleration is in a positive direction (right) even
though the car is travelling in a negative direction (left).
Example
- A body with a constant acceleration of —5m s~ is travelling to the right with a
—— velocity of 20 m s~!. What will its displacement be after 20 s?
s=71
2 -1
oms u=20ms"!
y =2
A a=—5ms?
Figure 2.10 The acceleration is t=20s

negative so pointing to the left. .
To calculate s we can use the equation s = ut + saf*

s=20X20+ %(—5) X 20?7 =400 — 1000 = —600 m

- @)
The acceleration due to gravity This means that the final displacement of the body is to the left of the starting

is not constant all over the Earth. point. It has gone forward, stopped and then gone backwards.
9.81 ms~2is the average value. The

acceleration also gets smaller the

this change when conducting

experiments in the lab since labs 3 Calculate the final velocity of a body that starts from rest and accelerates at 5 m s~ for a distance
aren't that high. of 100 m.

To make the examples easier 4 Abody starts with a velocity of 20 m s~ and accelerates for 200 m with an acceleration of 5ms=2.
to follow, g = 10m s~ is used What is the final velocity of the body?

throughout; you should only use
this approximate value in exam
questions if told to do so.

5 A body accelerates at 10 m s~2 reaching a final velocity of 20 m s~ in 5 s. What was the initial
velocity of the body?

@ Free fall motion

Assessment statements

2.1.4 Identify the acceleration of a body falling in a vacuum near the Earth’s
surface with the acceleration g of free fall.

2.1.5 Solve problems involving the equations of uniformly accelerated
motion.

2.1.6  Describe the effects of air resistance on falling objects.




Although a car was used in one of the previous illustrations, the acceleration of
a car is not usually constant, so we shouldn’t use the suvat equations. The only
example of constant acceleration that we see in everyday life is when a body is
dropped. Even then the acceleration is only constant for a short distance.

Acceleration of free fall

When a body is allowed to fall freely we say it is in free fall. Bodies falling freely on
the Earth fall with an acceleration of about 9.81 m s~2. (It depends where you are.)

The body falls because of gravity. For that reason we use the letter gto denote this
acceleration. Since the acceleration is constant, we can use the suvat equations to
solve problems.

In these calculations use g = 10m s™2.
6 Aballis thrown upwards with a velocity of 30 m s~'. What is the displacement of the ball after 2 s?
7 Aballis dropped. What will its velocity be after falling 65 cm?

8 Aballis thrown upwards with a velocity of 20 m s~!. After how many seconds will the ball return
to its starting point?

Measuring g

Measuring g by timing a ball falling from
different heights is a common physics
experiment that you could well perform in the
practical programme of the IB course. There
are various different ways of doing this but a
common method is to use a timer that starts
when the ball is released and stops when it hits
a platform. An example of this apparatus is
shown in the photo. The distance travelled by
the ball and the time taken are related by the
suvat equation s = ut + %atz. This simplifies
to s = 2at*since the initial velocity is zero.
This means that s is proportional to #* so if
you plot a graph of s against 7> you will get a
straight line whose gradient is % g

@ Graphical representation of motion

Assessment statements

2.1.7 Draw and analyse distance-time graphs, displacement-time graphs,
velocity-time graphs and acceleration-time graphs.

2.1.8 Calculate and interpret the gradients of displacement-time graphs and
velocity—time graphs, and the areas under velocity—time graphs and
acceleration—time graphs.

The effect of air resistance

If you jump out of a plane (with

a parachute on) you will feel the
push of the air as it rushes past you.
As you fall faster and faster, the air
will push upwards more and more
until you can't go any faster. At this
point you have reached terminal
velocity. We will come back to this
example after introducing forces.

4 Free fall apparatus.
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Graphs are used in physics to give a visual representation of relationships. In
kinematics they can be used to show how displacement, velocity and acceleration

Figure 2.11 Graphical representation change with time. Figure 2.11 shows the graphs for four different examples of
of motion. motion. They are placed vertically since they all have the same time axis.
v
displacement A D B Line A
/ A body that is not moving.
A

Displacement is always the same.
Velocity is zero.
> Acceleration is zero.

Line B

A body that is travelling with a constant positive velocity.
Displacement increases linearly with time.
D Velocity is a constant positive value.

velocity A
B Acceleration is zero.
2 LineC
time . .
c A body that has a constant negative velocity.
Displacement is decreasing linearly with time.

Velocity is a constant negative value.
Acceleration is zero.

Line D

A body that is accelerating with constant acceleration.
D Displacement is increasing at a non-linear rate. The shape of this line is a parabola
ABC since displacement is proportional to # (s = uf + %atz).
Velocity is increasing linearly with time.

acceleration A

time
Acceleration is a constant positive value.
© Examiner’s hint: You need to be The best way to go about sketching graphs is to split the motion into sections
able to then plot where the body is at different times; joining these points will give the
e figure out what kind of motion a body . .
has by looking at the graphs displacement—time graph. Once you have done that you can work out the v—t and
o sketch graphs for a given motion. a—t graphs by looking at the s—t graph rather than the motion.

Gradient of displacement-time

. . change in y
The gradient of a graph is change in x
=4y
Ax
?ure 212 In the case of the displacement—time graph this will give
displacement A A C gradient = As

At

This is the same as velocity.

So the gradient of the displacement—time graph equals the velocity. Using this
B information, we can see that line A in Figure 2.12 represents a body with greater
velocity than line B and that since the gradient of line C is increasing, this must be

time the graph for an accelerating body.




Instantaneous velocity displacement A

When a body accelerates its velocity is constantly changing. The displacement—
time graph for this motion is therefore a curve. To find the instantaneous velocity
from the graph we can draw a tangent to the curve and find the gradient of the

tangent as shown in Figure 2.13. As
Area under velocity-time graph At —
The area under the velocity—time graph for the body travelling at constant velocity A
v shown in Figure 2.14 is given by Figure 2.13

area = vAt
But we know from the definition of velocity that v = %; velocity A

Rearranging gives As = vAt so the area under a velocity—time graph gives the

displacement.
This is true not only for simple cases such as this but for all examples. Y
Gradient of velocity-time graph
The gradient of the velocity—time graph is given by % This is the same as At time
acceleration. A
Figure 2.14
Area under acceleration-time graph
The area under an acceleration—time graph in Figure 2.15 is given by aAt. But we
. . v—u
know from the definition of acceleration that a = %
Rearranging this gives v — u = aAt so the area under the graph gives the change in
velocity.
acceleration A
a | Figure 2.15

At timg
If you have covered calculus in your maths course you may recognise these equations:

s, _dv_ds g o
V=T a T e and s = [vdt,v = [adt

9 Sketch a velocity-time graph for a body starting from rest and accelerating at a constant rate
to a final velocity of 25 ms~"in 10 seconds. Use the graph to find the distance travelled and the
acceleration of the body.

velocity/ms™! A

10 Describe the motion of the body whose 0

velocity-time graph is shown in Figure 2.16.

What is the final displacement of the body? .

3 é\,timg/s
- ‘I O -

Figure 2.16
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Figure 2.17 A body with constant ’
acceleration.

Negative time O

Negative time doesn‘t mean going
back in time — it means the time
before you started the clock.

Figure 2.18
v

displacement A

s -

N L
S~ t time
Figure 2.19 ’
Figure 2.20
v
acceleration A
a
t time

Figure 2.21 ’

Example 1: the suvat example

As an example let us consider the motion we looked at when deriving the suvat
equations.

— S — — s
time =0 time =t
N
Displacement-time

The body starts with velocity u and travels to the right with constant acceleration,
afor a time . If we take the starting point to be zero displacement, then the
displacement—time graph starts from zero and rises to sin ¢ seconds. We can
therefore plot the two points shown in Figure 2.18. The body is accelerating so the
line joining these points is a parabola. The whole parabola has been drawn to show
what it would look like — the reason it is offset is because the body is not starting
from rest. The part of the curve to the left of the origin tells us what the particle
was doing before we started the clock.

Velocity-time

Figure 2.19 is a straight line with a positive
gradient showing that the acceleration is
constant. The line doesn’t start from the
origin since the initial velocity is u.

velocity

. e . VU .
The gradient of this line is % which
we know from the suvat equations is

oy

a
t tim acceleration.

The area under the line makes the shape of a trapezium. The area of this
trapezium is 3(v + u)t. This is the suvat equation for s.

Acceleration-time

The acceleration is constant so the acceleration—time graph is simply a horizontal
line as shown in Figure 2.20. The area under this line is a X t which we know from
the suvat equations equals (v — u).

Example 2: The bouncing ball

»Q
displacement
A

3

B D time

Consider a rubber ball dropped from some position above the ground A onto a
hard surface B. The ball bounces up and down several times. Figure 2.21 shows the



displacement—time graph for 4 bounces. From the graph we see that the ball starts
above the ground then falls with increasing velocity (as deduced by the increasing

negative gradient). When the ball bounces at B the velocity suddenly changes from
negative to positive as the ball begins to travel back up. As the ball goes up, its

velocity gets less until it stops at C and begins to fall again. —

To view a simulation that enables
you to plot the graphs as you

watch the motion, visit
T |\ eueremamncoviahotins,
enter the express code 4426P and
11 By considering the gradient of the displacement-time graph in Figure 2.21 plot the velocity— click on Weblink 2.1.

time graph for the motion of the bouncing ball.

Example 3: A ball falling with air resistance

Figure 2.22 represents the motion of a ball that is dropped several hundred metres
through the air. It starts from rest and accelerates for some time. As the ball
accelerates, the air resistance gets bigger, which prevents the ball from getting any
faster. At this point the ball continues with constant velocity.

displacement A | Figure 2.22

time

12 By considering the gradient of the displacement-time graph plot the velocity-time graph for the
motion of the falling ball.

@ Projectile motion

Assessment statements

9.1.1 State the independence of the vertical and the horizontal components
of velocity for a projectile in a uniform field.

9.1.2 Describe and sketch the trajectory of projectile motion as parabolic in
the absence of air resistance.

9.1.3 Describe qualitatively the effect of air resistance on the trajectory of a
projectile.

9.1.4 Solve problems on projectile motion.
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A stroboscopic photograph of a ’
projected ball.

We all know what happens when a ball is thrown; it follows a curved path
like the one in the photo below. We can see from this photo that the path
is parabolic, and later we will show why that is the case.

Modelling projectile motion

All examples of motion up to this point have been in one dimension but
projectile motion is two-dimensional. However, if we take components
of all the vectors vertically and horizontally, we can simplify this into two
simultaneous one-dimensional problems. The important thing to realise
is that the vertical and horizontal components are independent of each
other; you can test this by dropping a stone off a cliff and throwing one
forward at the same time, they both hit the bottom together. The
downward motion is not altered by the fact that one is also moving
forward.

Consider a ball that is projected at an angle 6 to the horizontal, as shown
in Figure 2.23. We can split the motion into three parts, beginning, middle
and end, and analyse the vectors representing displacement, velocity and
time at each stage. Note that since the path is symmetrical, the motion on
the way down is the same as the way up.

Range




Horizontal components

At A (time = 0) At B (time = g) At C (time = t)

Displacement = zero Displacement = g Displacement = R

Velocity = vcos 0
Acceleration = 0

Velocity = vcos 0
Acceleration = 0

Velocity = vcos 0
Acceleration = 0

Vertical components

At A At B At C

Displacement = zero
Velocity = —vsin 0
Acceleration = —g

Displacement = h
Velocity = zero
Acceleration = —g

Displacement = zero
Velocity = vsin 6
Acceleration = —g

We can see that the vertical motion is constant acceleration and the horizontal
motion is constant velocity. We can therefore use the suvat equations.

suvat for horizontal motion

Since acceleration is zero there is only one equation needed to define the motion

suvat AtoC

R=vcosOt

Velocity = v = %

suvat for vertical motion

When considering the vertical motion it is worth splitting the motion into two parts.

suvat At B At C

— Yyen ol
= 7(VSII’1 6)5

0 = v?sin?0 — 2gh

s=u+wt 0 =1(vsing — vsin o)t

V2 = u? + 2as (—vsin 62 = (vsinh)? — 0

s = ut + Jat? h=vsinot— %g(%)z 0 =vsingt — 39t
v—u ine— ine — —vsi
a=vY—4u =vsing—0 =Vvsing vsin 6
t g t J t

2

Some of these equations are not very useful since they simply state that 0 = 0.
However we do end up with three useful ones (highlighted) :
R=wvcosOrt (1)

2 in2
0 = v*sin?60 — 2gh or h=m (2)

28
;= 2vsin @ (3)

0= vsin 0t — 3¢ or 1

Solving problems

In a typical problem you will be given the magnitude and direction of the initial
velocity and asked to find either the maximum height or range. To calculate /

you can use equation (2) but to calculate R you need to find the time of flight so
must use (3) first (you could also substitute for ¢ into equation (1) to give a fourth
equation but maybe we have enough equations already).

You do not have to remember a lot of equations to solve a projectile problem. If
you understand how to apply the suvat equations to the two components of the
projectile motion, you only have to remember the suvat equations (and they are in
the databook).

Parabolic path

Since the horizontal displacement
is proportional to t the path has the
same shape as a graph of vertical
displacement plotted against time.
This is parabolic since the vertical
displacement is proportional to t2.

Maximum range
For a given value of v the maximum
range is when vcos 0 tis a
maximum value. Now t =
If we substitute this for t we get

p = 2v2cos fsin O

g

This is a maximum when cosé sin6
is maximum, which is when
6 = 45°.

2vsin 6
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Worked example

- 1 A ballis thrown at an angle of 30° to the horizontal at a speed of 20 m s~ ™.
To view a simulation of projectile 0 Calculate its range and the maximum height reached.
motion, visit
www.heinemann.co.uk/hotlinks, 2 Aball is thrown horizontally from a cliff top with a horizontal speed of

enter the express code 4426P and

| ! 10 m s~ L If the cliff is 20 m high what is the range of the ball?
click on Weblink 2.2.

Solution
1 First, as always, draw a diagram, including labels defining all the quantities
known and unknown.

20ms™!

Now we need to find the time of flight. If we apply s = ut + %at2 to the whole
flight we get

_ 2ysin@ _ (2 X20 X sin30°)
g 10 -

We can now apply s = vt to the whole flight to find the range:
R = vcos 0t =20 X cos30° X 2 = 34.6m

t 2s

Finally to find the height, we use s = ut + %at2 to the vertical motion, but
remember, this is only half the complete flight so the time is 1s.

h = vsin §t—1gf = 20 X sin30° X 1 =3 X 10 X I>*=10—5=5m

2 This is an easy one since there aren’t any angles

. o . 10ms™!
to deal with. The initial vertical component , ___Jb-i)
of the velocity is zero and the horizontal ) ( (
component is 10 ms~!. To calculate the l
. . _ 1 N
tlmé of flight we apply s = .ut + 5af* to the 20m
vertical component. Knowing that the final |
displacement is —20 m this gives { f |
[ \
2 X 20 -
—20m=0—1¢fsot= %=23 < R— >

We can now use this value to find the range by
applying the formula s = vt to the horizontal
component: R =10 X 2 =20m

) 13 Calculate the range of a projectile thrown at an angle of 60° to the horizontal with velocity 30ms~'.
If you have ever played golf you will

know it is not true that the maximum 14 You throw a ball at a speed of 20ms~".

range is achieved with an angle of 45°, (@) Atwhat angle must you throw it so that it will just get over a wall that is 5m high?

it's actually much less. This is because (b) How far away from the wall must you be standing?

the ballis held up by the air like an 15 A gun is aimed so that it points directly at the centre of a target 200 m away. If the bullet travels
aeroplane is. In this photo Alan Shepard at 200 m s~! how far below the centre of the target will the bullet hit?

is playing golf on the moon. Here the
maximum range will be at 45°.

16 If you can throw a ball at 20 m s=' what is the maximum distance you can throw it?



Projectile motion with air resistance

In all the examples above we have ignored the fact that the air will resist the
motion of the ball. The actual path of a ball including air resistance is likely to be
as shown in Figure 2.24.

’ N Without air
’ AN resistance

With air AN
resistance \

Notice both the height and range are less. It is also no longer a parabola — the way
down is steeper than the way up.

@ Forces and dynamics

Assessment statements

2.2.1 Calculate the weight of a body using the expression W = mg.

2.2.2 lIdentify the forces acting on an object and draw free body diagrams
representing the forces acting.

2.2.3 Determine the resultant force in different situations.

Forces

From experience, we know that things don’t seem to move unless we push them,
so movement is related to pushing. In this next section we will investigate this
relationship.

What is a force?

A force is simply a push or a pull.
The unit of force is the newton (N).
Force is a vector quantity.

You might believe that there are hundreds of different ways to push or pull an
object but there are actually surprisingly few.

1. Tension

If you attach a rope to a body and pull it, the rope is in tension. This is also the
name of the force exerted on the body.

< Figure 2.24

O The size of one newton
If you hold an object of mass 100 g
in your hand then you will be
exerting an upward force of about
one newton (1 N).

4 Figure 2.25 The force experienced by
the block is tension, T.
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Figure 2.26 The man pushes the
block with his hands. The force is called
the normal force, N.

Figure 2.27 This box is pulled
downwards by gravity. We call this force
the weight, W.

>

>

Where to draw forces O

It is important that you draw the
point of application of the forces
in the correct place. Notice where
the forces are applied in these
diagrams.

Figure 2.28 This box sliding along the
floor will slow down due to the friction,
F, between it and the floor.

Figure 2.29 Upthrust U depends on
how much water is displaced.

>

>

2. Normal force

Whenever two surfaces are in contact, there will be a force between them (if not
then they are not in contact). This force acts at right angles to the surface so is
called the normal force.

3. Gravitational force

We know that all objects experience a force that pulls them downwards; we call
this force the weight. The direction of this force is always towards the centre of the
Earth. The weight of a body is directly proportional to the mass of the body.

W = mgwhere g = the acceleration of free fall.

You will discover why this is the case later in the chapter.

4. Friction force

Whenever two touching surfaces move, or attempt to move, relative to each other,
there is a force that opposes the motion. This is called frictional force. The size of
this force is dependent on the material of the surfaces and how much force is used
to push them together.

5. Upthrust

Upthrust is the name of the force experienced by a body immersed in a fluid (gas
or liquid). This is the force that pushes up on a boat enabling it to float in water.
The size of this force is equal to the weight of fluid displaced by the boat.

Ay

u
g
7 =" i




6. Air resistance

Air resistance is the force that opposes the motion of bodies through the air. This
force is dependent on the speed, size and shape of the body.

< Speed skiers wear special clothes and
squat down like this to reduce air
resistance.

. Figure 2.30
Free body diagrams v

Problems often involve more than one body and more than one force. To keep
things simple we always draw each body separately and only the forces acting on
that body, not the forces that body exerts on something else. This is called a free
body diagram.

A good example of this is a block resting on a ramp Fixed end
as shown in Figure 2.30. The block will also exert

a force on the slope but this is not shown, since it

is a free body diagram of the block not the ramp. T
Another common example that we will come across

many times is a mass swinging on the end of a rope,

as shown in Figure 2.31.
4 Figure 2.31

w

17 Draw free body diagrams for
(a) abox resting on the floor
(b) the examples shown below

(c) afree fall parachutist falling through the air
(d) aboat floating in water.
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Figure 2.32

SNMQ

A

Figure 2.34

! |LF '
A\ q

A

Figure 2.35

Adding forces

Force is a vector quantity, so if two forces act on the same body you must add
them vectorially as with displacements and velocities.

Examples

1 A body is pulled in two opposing directions by two ropes as shown in
Figure 2.32. The resultant force acting is the vector sum of the forces.

The sum is found by arranging the vectors point to tail. This gives a resultant of
2N to the left.

2 If a body is pulled by two perpendicular ropes as

in Figure 2.33, then the vector addition gives a 4N 3N
triangle that can be solved by Pythagoras. 4N
5N
Figure 2.33 4 3N

18 Find the resultant force in the following examples:
(a) 10N (b)

10N
5N

10N

Balanced forces

If the resultant force on a body is zero, the forces are said to be balanced. For
example, if we add together the vectors representing the forces on the box in Figure
2.34 then we can see that they add up to zero. The forces are therefore balanced.

This can lead to some complicated triangles so it is easier to take components of the
forces; if the components in any two perpendicular directions are balanced, then
the forces are balanced. Figure 2.35 shows how this would be applied to the same
example. To make things clear, the vectors have been drawn away from the box.

Vertical components add up to zero.

Fsinf + Ncos§ — W=0

W = Fsin 6 + Ncos 6

Horizontal components add up to zero.

0+ Fcos — Nsinf=0

Fcos @ = Nsin 0

So we can see that
forces up = forces down
forces left = forces right




19 A ball of weight 10N is suspended on a string and pulled to one side by another horizontal string
as shown in Figure 2.36. If the forces are balanced:
(@) write an equation for the horizontal components of the forces acting on the ball
(b) write an equation for the vertical components of the forces acting on the ball
(c) use the second equation to calculate the tension in the upper string, T

(d) use your answer to (c) plus the first equation to find the horizontal force F.

20 The condition for the forces to be balanced is that the sum
of components of the forces in any two perpendicular
components is zero. In the ‘box on a ramp’example the
vertical and horizontal components were taken.

However, it is sometimes more convenient to consider
components parallel and perpendicular to the ramp.

N

Consider the situation in Figure 2.37. If the forces on this 30°
box are balanced: +50 N

(@) write an equation for the components of the forces

Figure 2.37
parallel to the ramp 9

(b) write an equation for the forces perpendicular to the ramp

(c) use your answers to find the friction (F) and normal force (N).

2

-

A rock climber is hanging from a rope attached to the cliff by two bolts as
shown in Figure 2.38. If the forces are balanced

(@) write an equation for the vertical component of the forces on the knot
(b) write an equation for the horizontal forces exerted on the knot
(c) calculate the tension Tin the ropes joined to the bolts.

The result of this calculation shows why ropes should not be connected in this way.

@ Newton’s laws of motion

Assessment statements

2.2.4  State Newton’s first law of motion.

2.2.5 Describe examples of Newton's first law.

2.2.6 State the condition for translational equilibrium.
2.2.7 Solve problems involving translational equilibrium.

We now have the quantities to enable us to model motion and we have observed
that to make something start moving we have to exert a force — but we haven’t
connected the two. Newton’s laws of motion connect motion with its cause. In
this course there are certain fundamental concepts that everything else rests upon,
Newton’s laws of motion are among the most important of these.

Newton’s first law

A body will remain at rest or moving with constant velocity unless acted upon
by an unbalanced force.

To put this the other way round, if the forces on a body are unbalanced, then it will
not be at rest or moving with constant velocity. If the velocity is not constant then
it is accelerating.

Figure 2.36

LX)

Figure 2.38

Using laws in physics

A law in physics is a very useful
tool. If applied properly, it enables
us to make a very strong argument
that what we say is true. If asked
‘will a box move?'you can say that
you think it will and someone else
could say it won't. You both have
your opinions and you would then
argue as to who is right. However,
if you say that Newton's law says it
will move, then you have a much
stronger argument (assuming you
have applied the law correctly).
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We know from experience that things don’t start moving unless we push them, but it’s
not obvious from observation that things will continue moving with constant velocity
unless acted upon by an unbalanced force. Usually, if you give an object a push it
moves for a bit and then stops. This is because of friction. It would be a very different
world without friction, as everyone would be gliding around with constant velocity,
only able to stop themselves when they grabbed hold of something. Friction not only
stops things moving but enables them to get going. If you stood in the middle of a
friction-free room, you wouldn’t be able to move. It is the friction between your feet

T and the floor that pushes you forward when you try to move your feet backwards.
Examples
1 Mass on a string
m . . . -
J If a mass is hanging at rest on the end of a string as in Figure 2.39 then
A Newton’s first law says the forces must be balanced. This means the
Figure 2.39 Force up = Force down.
T=mg

2 Car travelling at constant velocity
Air resistance, P . . . >
£ If the car in Figure 2.40 is travelling at constant velocity, then Newton’s first law

a
says the forces must be balanced.
> Force up = Force down

A Friction. £ N = mg (not drawn on diagram)
Figure 2.40 Notice that the friction Force left = Force right
acts forwards, this is because the F=F
wheels are trying to turn backwards i
and friction resists this motion by acting 3 The parachutist
forwards.

If the free fall parachutist in Figure 2.41
descends at a constant velocity then
Newton’s first law says that the forces
must be balanced.

Force up = Force down mg

F,=mg 5

Figure 2.41 A skydiver at terminal velocity.

Translational equilibrium

If all the forces on a body are balanced, the body is said to be in translational
equilibrium. The bodies in the previous three examples were all therefore in
translational equilibrium.

22 By resolving the vectors into components, calculate if the following bodies are in translational
equilibrium or not. If not, calculate the resultant force.

(a) 8.66N (b) 4N 6N
1N

30°

l10N




23 If the following two examples are in equilibrium, calculate the unknown forces £, F, and F;.

(a) X 6N (b) , 20N
N A
3070
Fa
50N
60N
L C i |
Rotation 50N
When a body is in translational equilibrium it means that its centre will not A

Figure 2.42 The forces are balanced

move. However, it can rotate about the centre, as in the example shown in .
but the body will rotate.

Figure 2.42.

The relationship between force and
acceleration

Assessment statements

2.2.10 Define linear momentum and impulse.

2.2.8 State Newton's second law of motion.

2.2.9 Solve problems involving Newton'’s second law.

Newton’s first law says that a body will accelerate if an unbalanced force is
applied to it. Newton’s second law tells us how big the acceleration will be and
in which direction. Before we look in detail at Newton’s second law we should
look at the factors that affect the acceleration of a body when an unbalanced
force is applied. Let us consider the example of catching a ball. When we catch
the ball we change its velocity, Newton’s first law tells us that we must therefore
apply an unbalanced force to the ball. The size of that force depends upon
two things, the mass and the velocity. A heavy ball is more difficult to stop
than a light one travelling at the same speed, and a fast one is harder to stop
than a slow one. Rather than having to concern ourselves with two quantities
we will introduce a new quantity that incorporates both mass and velocity,
momentum.

Momentum (p)

Momentum is defined as the product of mass and velocity.
p=my

The unit of momentum is kgm s~

Momentum is a vector quantity.
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Vs < Impulse
When you get hit by a ball the effect it has on you is greater if the ball bounces off
@ O you than if you catch it. This is because the change of momentum is greater when

the ball bounces, as shown in Figure 2.43.

The unit of impulse is kgms~!.

@ Impulse is a vector.

Red ball
Before After
A Momentum before = mv
Figure 2.43 The change of Momentum after = —mv (remember momentum is a vector)
momentum of the red ball is greater. Change in momentum = —mv — my = —2mv
Blue ball

Momentum before = mv
Momentum after = 0
Change in momentum = 0 — mv = —mv

The impulse is defined as the change of momentum.

24 A ball of mass 200 g travelling at 10m s~' bounces off a wall. If after hitting the wall it travels at
5ms~!, what is the impulse?

25 Calculate the impulse on a tennis racket that hits a ball of mass 67 g travelling at 10m s~ so that
is comes off the racket at a velocity of 50ms~'.

Newton’s second law

The rate of change of momentum of a body is directly proportional to the
unbalanced force acting on that body and takes place in same direction.

Let us once again consider the ball with a constant force acting on it as in

Figure 2.44.
Figure 2.44 4 u a v
—_— e _—
F F
time =0 time =t

Unit of momentum O

If £ = change in momentum /time Firstly Newton’s first law tells us that there must be an unbalanced force acting on
then momentum = force X time

So the unit of momentum is N's.

This is the same as kgm s™". Newton’s second law tells us that the size of the unbalanced force is directly
proportional to the rate of change of momentum. We know that the acceleration is
constant, which means the rate of change of velocity is constant; this implies that
the rate of change of momentum is also constant, so the force, F must be constant
too.

the ball since it is accelerating.




If the ball has mass m we can calculate the change of momentum of the ball.
Initial momentum = mu
Final momentum = mv

Change in momentum = mv — mu

my — mu

The time taken is t so the rate of change of momentum = 7

m(v — u)

t
Newton’s second law says that the rate of change of momentum is proportional to
the force, so Fo. ma.

This is the same as

To make things simple the newton is defined so that the constant of
proportionality is equal to 1 so:

F= ma

So when a force is applied to a body in this way, Newton’s second law can be
simplified to:

The acceleration of a body is proportional to the force applied and inversely
proportional to its mass.

Not all examples are so simple. Consider a jet of water hitting a wall as in
Figure 2.45. The water hits the wall and loses its momentum, ending up in a
puddle on the floor.

Newton’s first law tells us that since the velocity of the water is changing, there
must be a force on the water,

Newton’s second law tells us that the size of the force is equal to the rate of change
of momentum. The rate of change of momentum in this case is equal to the
amount of water hitting the wall per second multiplied by the change in velocity;
this is not the same as ma. For this reason it is best to use the first, more general
statement of Newton’s second law, since this can always be applied.

However, in this course most of the examples will be of the F = ma type.

Examples
1. Elevator accelerating upwards
An elevator has an upward acceleration of 1 m s~2 If the mass of the elevator is

500 kg, what is the tension in the cables pulling it up?

First draw a free body diagram as in Figure 2.46. Now we can see what forces are
acting. Newton’s first law tells us that the forces must be unbalanced. Newton’s
second law tells us that the unbalanced force must be in the direction of the
acceleration (upwards). This means that T'is bigger than mg.

Newton’s second law also tells us that the size of the unbalanced force equals ma so
we get the equation
T— mg=ma
Rearranging gives
T =mg+ ma
500 X 10 + 500 X1
= 5500 N

The newton

The fact that a 100 g mass has a
weight of approximately 1 N is
coincidental; 1 N is actually defined
as the force that would cause a 1 kg
body to accelerate at 1 ms™2.

A
Figure 2.45
AT
a
v mg
A

Figure 2.46 An elevator accelerating
up. This could either be going up
getting faster or going down getting
slower.
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AT

v mg

A

Figure 2.47 The elevator with
downward acceleration.

A
Figure 2.48

2. Elevator accelerating down

The same elevator as in example 1 now has a downward acceleration of 1 ms™2

in Figure 2.47.

as

This time Newton’s laws tell us that the weight is bigger than the tension so
mg— T = ma
Rearranging gives
T =mg— ma
=500 X 10 = 500 X 1
= 4500N

3. Joined masses

Two masses are joined by a rope. One of the masses sits on a frictionless table, the
other hangs off the edge as in Figure 2.48.

M is being dragged to the edge of the table by m.

Both are connected to the same rope so T'is the same for both masses, this also
means that the acceleration a is the same.

We do not need to consider N and Mg for the mass on the table because these
forces are balanced. However the horizontally unbalanced force is T.

Applying Newton’s laws to the mass on the table gives
T = Ma

The hanging mass is accelerating down so mgis bigger than T. Newton’s second
law implies that mg — T = ma

mg

Substituting for T gives mg — Ma = maso a = Mt

4. The free fall parachutist

After falling freely for some time, a free fall
parachutist whose weight is 60 kg opens her
parachute. Suddenly the force due to air resistance
increases to 1200 N. What happens?

1200N

Looking at the free body diagram in Figure 2.49
we can see that the forces are unbalanced and that
according to Newton’s second law the acceleration,
a, will be upwards.

The size of the acceleration is given by
ma = 1200 — 600 = 60 X a

SO a=10ms?

The acceleration is in the opposite direction to the
motion. This will cause the parachutist to slow 600N
down. As she slows down, the air resistance gets less A '
until the forces are balanced. She will then continue Figure 2.49 The parachuist

- A just after opening the
down with a constant velocity. parachute.



26 The helium in a balloon causes an upthrust of 0.1 N. If the mass of the balloon and heliumis 6 g,
calculate the acceleration of the balloon.

27 Arope is used to pull a felled tree (mass 50 kg) along the ground. A tension of 1000 N causes the
tree to move from rest to a velocity of 0.1 ms~' in 2 s. Calculate the force due to friction acting on
the tree.

28 Two masses are arranged on a frictionless table as shown in Figure 2.50. Calculate:
(a) the acceleration of the masses
(b) the tension in the string.

10kg

5kg

Figure 2.50

29 A helicopter is lifting a load of mass 1000 kg with a rope. The rope is strong enough to hold a
force of 12 kN. What is the maximum upward acceleration of the helicopter?

30 A person of mass 65 kg is standing in an elevator that is accelerating upwards at 0.5 m s™2.
What is the normal force between the floor and the person?

31 A plastic ball is held under the water by a child in a swimming pool. The volume of the ball is
4000 cm?.

(@) If the density of water is 1000 kg m~3, calculate the upthrust on the ball (remember
upthrust = weight of fluid displaced).

(b) If the mass of the ball is 250 g, calculate the theoretical acceleration of the ball when it is
released. Why won't the ball accelerate this quickly in a real situation?

@ Newton’s third law

Assessment statements

2.2.14 State Newton’s third law of motion.

2.2.15 Discuss examples of Newton'’s third law.

2.2.12 State the law of conservation of linear momentum.

2.2.13 Solve problems involving momentum and impulse.

2.2.11 Determine the impulse due to a time-varying force by interpreting a
force-time graph.

When dealing with Newton’s first and second laws, we are careful to consider only
the body that is experiencing the forces, not the body that is exerting the forces.
Newton’s third law relates these forces.

If body A exerts a force on body B then body B will exert an equal and opposite
force on body A.

Incorrect statements

It is very important to realise that
Newton’s third law is about two
bodies. Avoid statements of this
law that do not mention anything
about there being two bodies.
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Figure 2.51 The man pushes the car }
and the car pushes the man.

A
Figure 2.52 A falling body pulled

down by gravity.

Figure 2.53 The Earth pulled up by 4
gravity.

w
A

Figure 2.54 Forces acting on a box
resting on the floor.

So if someone is pushing a car with a force F as shown in Figure 2.51 the car will
push back on the person with a force —F. In this case both of these forces are the
normal force.

You might think that since these forces are equal and opposite, they will be
balanced, and in that case how does the person get the car moving? This is wrong;
the forces act on different bodies so can’t balance each other.

Examples
1. A falling body

A body falls freely towards the ground as in Figure 2.52. If we ignore air resistance,
there is only one force acting on the body — the force due to the gravitational
attraction of the Earth, that we call weight.

Applying Newton’s third law:

If the Earth pulls the body down, then the body must pull the Earth up with an
equal and opposite force. We have seen that the gravitational force always acts on
the centre of the body, so Newton’s third law implies that there must be a force
equal to Wacting upwards on the centre of the Earth as in Figure 2.53.

2. A box rests on the floor
A box sits on the floor as shown in Figure 2.54. Let us apply Newton’s third law to
this situation.

There are two forces acting on the box.

Normal force: The floor is pushing up on the box with a force N. According to
Newton’s third law the box must therefore push down on the floor with a force of
magnitude N.



Weight: The Earth is pulling the box down with a force W. According to Newton’s
third law, the box must be pulling the Earth up with a force of magnitude Was
shown in Figure 2.55.

3. Recoil of a gun

When a gun is fired the velocity of the bullet changes. Newton’s first law implies
that there must be an unbalanced force on the bullet; this force must come from
the gun. Newton’s third law says that if the gun exerts a force on the bullet the
bullet must exert an equal and opposite force on the gun. This is the force that
makes the gun recoil or ‘kick back’

4. The water cannon

When water is sprayed at a wall from a hosepipe it hits the wall and stops.
Newton’s first law says that if the velocity of the water changes, there must be an
unbalanced force on the water. This force comes from the wall. Newton’s third
law says that if the wall exerts a force on the water then the water will exert a force
on the wall. This is the force that makes a water cannon so effective at dispersing
demonstrators.

32 Use Newton's first and third laws to explain the following:
(@) When burning gas is forced downwards out of a rocket motor, the rocket accelerates up.

(b) When the water cannons on the boat in the photo are operating, the boat accelerates
forwards.

(c) When you step forwards off a skateboard, the 3 -
skateboard accelerates backwards.

(d) Atable tennis ball isimmersed in a fluid and
held down by a string as shown in Figure 2.56. —
The container is placed on a balance. What will
happen to the reading of the balance if the .
string breaks? — string

L — water

balance
]y
I:' [

Figure 2.56

A
Figure 2.55 Forces acting on the Earth
according to Newton's third law.

4 A boat tests its water cannons.
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Figure 2.57 Collision between two
balls.

Isolated system

An isolated system is one in which
no external forces are acting. When
a ball hits a wall the momentum of
the ball is not conserved because
the ball and wall is not an isolated
system, since the wall is attached
to the ground. If the ball and

wall were floating in space then
momentum would be conserved.

>

Before

O

Collisions

In this section we have been dealing with the interaction between two bodies
(gun-bullet, skater-skateboard, hose-water). To develop our understanding of the
interaction between bodies, let us consider a simple collision between two balls as
illustrated in Figure 2.57.

Uy )
—_— —

m

During

Vi 7]

v

After

Let us apply Newton’s three laws to this problem.

Newton’s first law

In the collision the red ball slows down and the blue ball speeds up. Newton’s first
law tells us that that this means there is a force acting to the left on the red ball (F,)
and to the right on the blue ball (F,).

Newton’s second law

This law tells us that the force will be equal to the rate of change of momentum of
the balls so if the balls are touching each other for a time At

mvy, —
At

E

nyv, — nh,

At

12

Newton’s third law

According to the third law, if the red ball exerts a force on the blue ball, then the
blue ball will exert an equal and opposite force on the red ball.

F, = —F,

nyvy — iy T LY, T hhi

At At

Rearranging gives m u; + myu, = myv, + m,v,

In other words the momentum at the start equals the momentum at the end.
We find that this applies not only to this example but to all interactions.



The law of the conservation of momentum
For a system of isolated bodies the total momentum is always the same.

This is not a new law since it is really just a combination of Newton’s laws.
However it provides a useful short cut when solving problems.

Examples

In these examples we will have to pretend everything is in space isolated from the
rest of the universe, otherwise they are not isolated and the law of conservation of
momentum won’t apply.

1. A collision where the bodies join together

If two balls of modelling clay collide with each other they stick together as shown
in Figure 2.58. We want to find the velocity, v, of the combined lump after the

collision.
v
6ms’ _—
0
Before After

If bodies are isolated then momentum is conserved so:
momentum before = momentum after
0.1 X6+05X00=06Xv

v=%= Ims™
0.6

1

2. An explosion

A ball of clay floating around in space suddenly explodes into a big piece and a
small piece, as shown in Figure 2.59. If the big bit has a velocity of 5ms™!, what is
the velocity of the small bit?

Before After

Since this is an isolated system, momentum is conserved so:
momentum before = momentum after
0X0.12=0.02X (—=v) +0.1 X5
0.02 X v=0.5

y=25ms!

< Figure 2.58 Two bodies stick together
after colliding.

Simplified models

Pieces of clay floating in space are
not exactly everyday examples, but
most everyday examples (like balls
on a pool table) are not isolated
systems, so we can't solve them in
this simple way.

Figure 2.59 A piece of modelling clay
suddenly explodes.
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Figure 2.60 [f you are ever in this ’
position this course could save your life.

==

Figure 2.61 |t's less painful to land on
a trampoline than a concrete block.

Force/N A
804--------
Hard surface
8o------- Trampoline
0% Time/s
02—

A

Figure 2.62

33 Draw diagrams to represent the following collisions then use the law of conservation of
momentum to find the unknown velocity. Assume all collisions are head-on, in other words they
take place in one dimension.

(a) Two identical isolated balls collide with each other. Before the collision, one ball was
travelling at 10m s~! and the other was at rest. After the collision the first ball continues in
the same direction with a velocity of 1 ms~'. Find the velocity of the other ball.

(b) Two identical balls are travelling towards each other; each is travelling at a speed of 5m s~
After they hit, one ball bounces off with a speed of 1 m s~!. What is the speed of the other?

(c) A spaceman of mass 100 kg is stranded 2 m from his spaceship as shown in Figure 2.60. He
happens to be holding a hammer of mass 2 kg what must he do?

If he only has enough air to survive for 2 minutes, how fast must he throw the hammer if he is to

get back in time? Is it possible?

What happens during the collision?

In the previous examples, we were more interested in the difference between the
conditions before and after the collision than during it. However, collisions can
be very different. For example, consider a ball of mass 200 g colliding with a hard
floor and a trampoline as shown in Figure 2.61. Before the collisions each ball
travels downwards at 10 ms™! and each bounces up with velocity 10 ms™!. So the
change in momentum (impulse) is the same for each:

0.2 X (—20) — 0.2 X 20 = —8N's

Each has the same change of momentum but each collision was very different

— the collision with the trampoline took place over a longer time. If you replace
the ball with yourself, you would certainly be able to feel the difference. We can
represent these two collisions by plotting a graph of force against time as shown in
Figure 2.62. We see the force exerted by the concrete is much greater.

Area under the graph

We notice that the area under the graph for each interaction is the same.
Area = %base X height = % X 0.02 X 8 = % X 0.2X08=8Ns

This is equal to the impulse.

34 (a) Calculate the impulse of the body for the motion Force/N A
represented in Figure 2.63. 57

(b) If the mass of the object is 20 g, what is the change 44

of velocity? 34

2 -

1 -

0 0102030405
Figure 2.63 Time/s



@ Work, energy and power

Assessment statements

2.3.1 Outline what is meant by work.

2.3.2 Determine the work done by a non-constant force by interpreting a
force—displacement graph.

2.3.3  Solve problems involving the work done by a force.

2.3.4 Outline what is meant by kinetic energy.

2.3.5 Outline what is meant by change in gravitational potential energy.

2.3.6 State the principle of conservation of energy.

2.3.7 List different forms of energy and describe examples of the
transformation of energy from one form to another.

2.3.8 Distinguish between elastic and inelastic collisions.

2.3.9 Define power.

2.3.10 Define and apply the concept of efficiency.

2.3.11 Solve problems involving momentum, work, energy and power.

We have so far dealt with the motion of a small red ball and understand what
causes it to accelerate. We have also investigated the interaction between a red
ball and a blue one and have seen that the red one can cause the blue one to move
when they collide. But what enables the red one to push the blue one? To answer
this question we need to define some more quantities.

Work

In the introduction to this book it was stated that by developing models, our aim
is to understand the physical world so that we can make predictions. At this point
you should understand certain concepts related to the collision between two balls,
but we still can’t predict the outcome. To illustrate this point let us again consider
the red and blue balls. Figure 2.64 shows three possible outcomes of the collision.

If we apply the law of conservation of momentum, we realise that all three
outcomes are possible. The original momentum is 10 newtonmetres (10 Nm) and
the final momentum is 10 Nm in all three cases. But which one actually happens?
This we cannot say (yet). All we know is that from experience the last option is not
possible — but why?

When body A hits body B, body A exerts a force on body B. This force causes B to
have an increase in velocity. The amount that the velocity increases depends upon
how big the force is and over what distance the collision takes place. To make this
simpler, consider a constant force acting on a body as in Figure 2.65.

F F

—> —>
F

—

Both blocks start at rest and are pulled by the same force, but the second block will
gain more velocity because the force acts over a longer distance. To quantify this

>
o
|

Tms™! -1

O
2

O
OOl

5ms’
b.
100ms™! 110ms:1
A

Figure 2.64 The red ball hits the blue
ball but what happens?

< Figure 2.65 The force acts on the
orange block for a greater distance.
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difference, we say that in the second case the force has done more work. Work is
done when the point of application of a force moves in the direction of the force.
Work is defined in the following way:

Work done = force X distance moved in the direction of the force.

The unit of work is the newtonmetre (Nm) which is the same as the joule (J).

Work is a scalar quantity.

Worked examples

Sign of work O 1 A tractor pulls a felled tree along the ground for a distance of 200 m. If the
tractor exerts a force of 5000 N, how much work will be done?

Since work is a scalar the sign

has nothing to do with direction.
Saying that you have done
negative work on A is the same as

saying A has done work on you. 2 A force of 10N is applied to a block, pulling it 50 m along the ground as shown
in Figure 2.66. How much work is done by the force?

Figure 2.66 > TON 10N

30°

< 50m

3 When a car brakes it slows down due to the friction force between the tyres and
the road. This force opposes the motion as shown in Figure 2.67. If the friction
force is a constant 500 N and the car comes to rest in 25 m, how much work is
done by the friction force?

Figure 2.67 Work done against 4
friction.

500N ¢—— 500N ¢&——
25m

4 The woman in Figure 2.68 walks along with a
constant velocity holding a suitcase.
How much work is done by the force holding the
case?

Figure 2.68 ’




Solutions
1 Work done = force X distance moved in direction of force

Work done = 5000 X 200 = 1 MJ

2 In this example the force is not in the same direction as the movement.
However, the horizontal component of the force is.
Work done = 10 X cos 30° X 50 = 433 N

3 This time the force is in the opposite direction to the motion.
Work done = —500 X 25 = —12500]
The negative sign tells us that the friction isn’t doing the work but the work is
being done against the friction.

4 In this example the force is acting perpendicular to the direction of motion, so
there is no movement in the direction of the force.

Work done = zero

General formula

In general
Work = Fcos 6 X As

where 6 is the angle between the displacement, As, and force, F.

F F

All the previous examples can be solved using this formula.
If 6 < 90°, cos 0 is positive so the work is positive.
0 = 90°, cos 0 = 0 so the work is zero.

6 > 90°, cos 6 is negative so the work is negative.

35 Figure 2.69 shows a boy taking a dog for a walk.
(a) Calculate the work done by the force shown
when the dog moves 10 m forward.
(b) Who is doing the work?

Figure 2.69
36 A bird weighing 200 g sits on a tree branch.

How much work does the bird do on the tree?

37 As a box slides along the floor it is slowed down by a constant force due to friction. If this force is
150N and the box slides for 2 m, how much work is done against the frictional force?

Working or not?

It may seem strange that when
you carry a heavy bag you are not
doing any work — that's not what
it feels like. In reality, lots of work is
being done, since to hold the bag
you use your muscles. Muscles are
made of microscopic fibres, which
are continuously contracting and
relaxing, so are doing work.
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force A
F
“«—— As—> distance
A
Figure 2.70 Force vs distance for a
constant force.

A

Figure 2.71 Stretching a spring.

force A
F g
“«—As—> extension
A
Figure 2.72 Force vs extension
for a spring.

Work done by a varying force

In the examples so far, the forces have been constant. If the force isn’t constant, we
can’t simply say work = force X distance unless we use the ‘average force’. In these
cases, we can use a graphical method.

Let us first consider a constant force, F, acting over a distance As. The graph of
force against distance for this motion is shown in Figure 2.70.

From the definition of work, we know that in this case work = FAs
This is the same as the area under the graph. From this we deduce that:

work done = area under the force—distance graph

Example
Stretching a spring

Stretching a spring is a common example of a varying force. When you stretch a
spring it gets more and more difficult the longer it gets. Within certain limits the
force needed to stretch the spring is directly proportional to the extension of the
spring. This was first recognised by Robert Hooke in 1676, so is named ‘Hooke’s
Law’. Figure 2.71 shows what happens if we add different weights to a spring; the
more weight we add the longer it gets. If we draw a graph of force against distance
as we stretch a spring, it will look like the graph in Figure 2.72. The gradient of this

line, i is called the spring constant, k.

The work done as the spring is stretched is found by calculating the area under the
graph.

area = %base X height = 3FAs

So work done = %FAS
But if E — kthen F= KkAs
As

Substituting for F gives

work done = %kAs2

38 A spring of spring constant 2 N.cm~" and length 6 cm is stretched to a new length of 8 cm.
(@) How far has the spring been stretched?
(b) What force will be needed to hold the spring at this length?
(c) Sketch a graph of force against extension for this spring.
(d) Calculate the work done in stretching the spring.
(e) The spring is now stretched a further 2 cm.

force A
Draw a line on your graph to represent this

and calculate how much additional work has 3004---------
been done. ; ;
200+ : :
39 Calculate the work done by the force represented i :
by Figure 2.73. 100+ E E

T T T T i T T : :
5

10
Figure 2.73 el ()



Energy v
We have seen that it is sometimes possible for body A to do work on body B but @ @
what does A have that enables it to do work on B? To answer this question we must

define a new quantity, energy. before A hits B

\'4
Energy is the quantity that enables body A to do work on body B. g
If body A collides with body B as shown in Figure 2.74, body A has done work on @ @
body B. This means that body B can now do work on body C. Energy has been after A hits B
transferred from A to B. A

Figure 2.74 The red ball gives energy

When body A does work on body B, energy is transferred from body A to body B. o the blue ball

The unit of energy is the joule (J).

Energy is a scalar quantity.

Different types of energy

If a body can do work then it has energy. There are two
ways that a simple body such as a red ball can do work.
In the example above, body A could do work because

it was moving — this is called kinetic energy. Figure 2.75
shows an example where A can do work even though it
isn’t moving. In this example, body A is able to do work

B < Figure 2.75

on body B because of its position above the Earth. If
the hand is removed, body A will be pulled downwards
by the force of gravity, and the string attached to it will
then drag B along the table. If a body is able to do work
because of its position, we say it has potential energy.

Kinetic energy (KE)

This is the energy a body has due to its movement. To give a body KE, work must
be done on the body. The amount of work done will be equal to the increase in
KE. If a constant force acts on a red ball of mass m as shown in Figure 2.76, then
the work done is Fs.

a v | Figure 2.76
— > —_
F F
time =0 time =t
s
From Newton’s second law we know that F = ma which we can substitute in A
; 6 Use of words
work = Fs to give work = mas If we say a body has potential

energy it sounds as though it has
the potential to do work. This is
true, but a body that is moving has

We also know that since acceleration is constant we can use the suvat equation
v* = 1% + 2as which since u = 0 simplifies to v* = 2as.

Rearranging this gives as = e so work = %mvz the potential to do WorktOAo‘ This
2 can lead to misunderstanding. It
This work has increased the KE of the body so we can deduce that: would have been better to call it
positional energy.
1
KE = szZ
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Other types of PE O
In this section we only deal with

examples of PE due to a body’s
position close to the Earth.
However there are other positions
that will enable a body to do work
(for example, in an electric field).
These will be introduced after

the concept of fields has been
introduced in Chapter 6.

©

KE Q Tst"
A

Figure 2.77 Work is done lifting the
ball so it gains PE.

Gravitational potential energy (PE)
This is the energy a body has due to its position above the Earth.

For a body to have PE it must have at some time been lifted to that position.
The amount of work done in lifting it equals the PE. Taking the example shown
in Figure 2.75, the work done in lifting the mass, m, to a height h is mgh (this
assumes that the body is moving at a constant velocity so the lifting force and
weight are balanced).

If work is done on the body then energy is transferred so:

gain in PE = mgh

The law of conservation of energy

We could not have derived the equations for KE or PE without assuming that the
work done is the same as the gain in energy. The law of conservation of energy is a
formal statement of this fact.

Energy can neither be created nor destroyed — it can only be changed from one
form to another.

This law is one of the most important laws that we use in physics. If it were not
true you could suddenly find yourself at the top of the stairs without having done
any work in climbing them, or a car suddenly has a speed of 200 km h~! without
anyone touching the accelerator pedal. These things just don’t happen, so the laws
we use to describe the physical world should reflect that.

Worked examples

1 A ball of mass 200 g is thrown vertically upwards
with a velocity of 2 ms™! as shown in Figure 2.77.
Use the law of conservation of energy to
calculate its maximum height.

2 A block slides down the frictionless ramp v T
shown in Figure 2.78. Use the law of “ 5m
conservation of energy to find its speed l

when it gets to the bottom.

Figure 2.78 As the block slides down
the slope it gains KE.

Solutions

1 At the start of its motion the body has KE. This enables the body to do work
against gravity as the ball travels upwards. When the ball reaches the top, all the
KE has been converted into PE. So applying the law of conservation of energy:

loss of KE = gain in PE
%mv2 = mgh
v 22
T2g 2X10
This is exactly the same answer you would get by calculating the acceleration
from F = ma and using the suvat equations.

SO h =0.2m



2 This time the body loses PE and gains KE so applying the law of conservation
of energy:

loss of PE = gain of KE
mgh = %mvz
So v=,/2¢gh=y(2X10X5) =10ms!

Again, this is a much simpler way of getting the answer than using components
of the forces.

Use the law of conservation of energy to solve the following:

40 A stone of mass 500 g is thrown off the top of a cliff with a speed of 5m s~ If the cliff is 50 m
high, what is its speed just before it hits the ground?

41 Aball of mass 250 g is dropped 5 m onto a spring
as shown in Figure 2.79.
(a) How much KE will the ball have when it hits

the spring?

(b) How much work will be done as the spring is
compressed?

(c) If the spring constant is 250 kN m~', calculate 5m

how far the spring will be compressed.

Figure 2.79 In this example the Ih
spring is compressed, not stretched,
but Hooke's law still applies.

42 A ball of mass 100 g is hit vertically upwards with a bat. The bat exerts a constant force of 15N on
the ball and is in contact with it for a distance of 5 cm.
(a) How much work does the bat do on the ball?
(b) How high will the ball go?

43 A child pushes a toy car of mass 200 g up a slope. The car has a speed of 2m s~ at the bottom of
the slope.
(@) How high up the slope will the car go?
(b) If the speed of the car were doubled how high would it go now?

Forms of energy

When we are describing the motion of simple red balls there are only two forms of
energy, KE and PE. However, when we start to look at more complicated systems,
we discover that we can do work using a variety of different machines, such as
petrol engine, electric engine etc. To do work, these machines must be given
energy and this can come in many forms, for example:

e Petrol e Solar
e Gas e Nuclear
e FElectricity

As you learn more about the nature of matter in Chapter 3, you will discover that
all of these (except solar) are related to either KE or PE of particles.
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10ms™

A
Figure 2.80

10ms~! 5ms™!

Before @ Q
Vi o v,
After O O
A

Figure 2.81

@ Examiner’s hint: If the masses are
the same in an elastic collision the
velocities of the two bodies swap

Figure 2.82

Energy and collisions

One of the reasons that we brought up the concept of energy was related to the
collision between two balls as shown in Figure 2.80. We now know that if no
energy is lost when the balls collide, then the KE before the collision = KE after.
This enables us to calculate the velocity afterwards and the only solution in this
example is quite a simple one. The red ball gives all its KE to the blue one, so the
red one stops and the blue one continues, with velocity = 10 m s~ . If the balls
become squashed, then some work needs to be done to squash them. In this case
not all the KE is transferred, and we can only calculate the outcome if we know
how much energy is used in squashing the balls.

Elastic collisions

An elastic collision is a collision in which both momentum and KE are conserved.

Example

Two balls of equal mass collide with each other elastically with the velocities
shown in Figure 2.81. What is the velocity of the balls after the collision?

Conservation of momentum: Conservation of KE:
Momentum before = momentum after %m X 10% + %m X 52
mX 10 + m X 5= my, + my, Z%mvlz-}—%mvzz

10+5=w + 10% + 52 = 2 + v,?

There are only two possible solutions to these two equations; either the velocities

don’t change, which means there isn’t a collision, or the velocities swap, so

yy=5ms 'and v, = 10ms~ .

Inelastic collisions

There are many outcomes of an inelastic collision but here we will only consider
the case when the two bodies stick together. We call this totally inelastic collision.

Example

When considering the conservation of momentum in collisions, we used the
example shown in Figure 2.82. How much work was done to squash the balls in

Before After

this example?

Tms™!

6ms!

According to the law of conservation of energy, the work done squashing the balls
is equal to the loss in KE.

KE loss = KE before — KE after = % X 0.1 X 6% — % X 0.6 X 12
KEloss = 1.8 — 0.3 =1.5]

So work done = 1.5]



Explosions

Explosions can never be elastic since, without doing work and therefore increasing
the KE, the parts that fly off after the explosion would not have any KE and would
therefore not be moving. The energy to initiate an explosion often comes from the
chemical energy contained in the explosive.

Example

Again consider a previous example where a ball exploded (shown again in
Figure 2.83). How much energy was supplied to the balls by the explosive?

l25ms’1 Sms’L
\\\Jl
209 =" 3
,37\

Before After

According to the law of conservation of energy, the energy from the explosive
equals the gain in KE of the balls.

KE gain = KE after — KE before
KE gain = (3 X 0.02 X 25 + 2 X 0.1 X 5?) — 0 = 6.25 + 1.25 = 7.5]

44 Two balls are held together by a spring as shown in
Figure 2.84. The spring has a spring constant of 10N cm™!
and has been compressed a distance 5 cm.

(a) How much work was done to compress the spring? Figure 2.84

(b) How much KE will each gain?

(c) If each ball has a mass of 10 g calculate the velocity
of each ball.
: : . 10ms”! 15ms™!
45 Two pieces of modelling clay as shown in Figure 2.85 _—>
collide and stick together.

(a) Calculate the velocity of the lump after the collision.
(b) How much KE is lost during the collision?
46 A red ball travelling at 10m s~ to the right collides
with a blue ball with the same mass travelling Figure 2.85

at 15m s~ to the left. If the collision is elastic, what are
the velocities of the balls after the collision?

Power

We know that to do work requires energy, but work can be done quickly or it

can be done slowly. This does not alter the energy exchanged but the situations
are certainly different. For example we know that to lift one thousand, 1 kg bags
of sugar from the floor to the table is not an impossible task — we can simply

lift them one by one. It will take a long time but we would manage it in the end.
However, if we were asked to do the same task in 5 seconds, we would either have

Sharing of energy

The result of this example is very
important; we will use it when
dealing with nuclear decay later
on. So remember, when a body
explodes into two unequal bits, the
small bit gets most energy.

d Figure 2.83

Notice how the small bit gets most
of the energy. We will come back to
this when studying nuclear decay.
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to lift all 1000 kg at the same time or move each bag in 0.005 s, both of which are

P d velocit : i i i istingui
i O impossible. Power is the quantity that distinguishes between these two tasks.
If power = wmen we can .
F\ZWE A Power is defined as:
lso write p = FAS o p = f{As .
also write P = == 50 ( t ) Power = work done per unit time.

which is the same as P = fv where

e — Unit of power is the J/s which is the same as the watt (W).

Power is a scalar quantity.

Examples
1. The powerful car

We often use the term power to describe cars. A powerful car is one that can

" accelerate from 0 to 100 km h™! in a very short time. When a car accelerates,

orse power O . . . . .
e I e energy 1s_be1ng converted fr(.>m the- chemical energy in the fuel to KE. To have a big
unit for power when talking about acceleration the car must gain KE in a short time, hence be powerful.

cars and boats.

746W = 1 hp 2. Power lifter

So in Example 1, the power of the A power lifter is someone who can lift heavy weights, so shouldn’t we say they are
e strong people rather than powerful? A power lifter certainly is a strong person (if

they are good at it) but they are also powerful. This is because they can lift a big
weight in a short time.

Worked example

A car of mass 1000 kg accelerates from rest to 100 km h™! in 5 seconds. What is the
average power of the car?

Solution
100kmh™! =28 ms™L
The gain in KE of the car = 2mv> = 1 X 1000 X 28> = 392 k]

If the car does this in 5s then

work done _ 392 _
time 5

47 A weightlifter lifts 200 kg 2 m above the ground in 5 s. Calculate the power of the weightlifter in
watts.

power = 78.4kW

48 In 25 s a trolley of mass 50 kg runs down a hill. If the difference in height between the top and
the bottom of the hill is 50 m, how much power will have been dissipated?

49 A car moves along a road at a constant velocity of 20 m s~. If the resistance force acting against
the car is 1000 N, what is the power developed by the engine?

Efficiency

Efficiency and power O When a box is pulled along the floor, the person pulling has to do work. This work

Since the work is going in and out is converted into the KE of the box and some of it is done against friction. Since

alt e GEImiS 131k, Eifeiane) el s the result they are trying to achieve is to move the box, the energy transferred to

et a;wer out KE could be termed ‘useful energy’ and the rest is ‘wasted’. (The waste energy in
ppowﬁ this example turns into heat, but we will deal with that in the next chapter). The

efficiency tells us how good a system is at turning the input energy into useful work.



Efficiency is defined as:
useful work out
energy put in
Efficiency has no units.

Efficiency is a scalar quantity.

It is worth noting here that due to the law of conservation of energy, the efficiency
can never be greater than 1.

Worked example

A box of mass 10 kg is pulled along the floor for 2 m by a horizontal force of 50 N.
If the frictional force is 20 N, what is the efficiency of the system?

Solution

20N

<

The work done by the pulling force = force X distance = 50 X 2 = 100]
The unbalanced force on the box = 50 — 20 = 30N

So the work done on the box =30 X 2 = 60]

This work is exchanged to the box and increases its KE.

Work done against friction =20 X 2 =40]

So work in = 100 ] and total work out = 60 + 40 = 100]

useful work out _ 60 _ 0.6
work in 100

Expressed as a percentage, this is 60%.

50 A motor is used to lift a 10 kg mass 2 m above the ground in 4 s. If the power input to the motor
is 100 W, what is the efficiency of the motor?

Efficiency =

51 A motor is 70% efficient. If 60 kJ of energy is put into the engine, how much work is got out?

52 The drag force that resists the motion of a car travelling at 80 km h="is 300 N.
(a) What power is required to keep the car travelling at that speed?
(b) If the efficiency of the engine is 60%, what is the power of the engine?

@ Uniform circular motion

Assessment statements

2.4.1 Draw a vector diagram to illustrate that the acceleration of a particle
moving with constant speed in a circle is directed towards the centre
of the circle.

2.4.2 Apply the expression for centripetal acceleration.

2.4.3 lIdentify the force producing circular motion in various situations.

2.4.4  Solve problems involving circular motion.
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Circular motion quantities O
When describing motion in a circle

we often use quantities referring

to the angular rather than linear
quantities.

Time period (T)
The time taken for one complete
circle.

Angular displacement (6)
The angle swept out by a line
joining the body to the centre.

Angular velocity (w)

The angle swept out per unit time.
w=(22)
=
Frequency (f)
The number of complete circles
1

per unit time (f: 7)4

Size of centripetal acceleration O

The centripetal acceleration is
given by the following formula

_v

4=F

Or in circular terms

a= wr
/// \\\
7 AN
/ \
\
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/
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Figure 2.87 Showing the direction of
the force and acceleration.

If a car travels around a bend at 30 km h™!, it is obviously travelling at a constant
speed, since the speedometer would register 30 km/hr all the way round. However
it is not travelling at constant velocity. This is because velocity is a vector quantity
and for a vector quantity to be constant, both magnitude and direction must
remain the same. Bends in a road can be many different shapes, but to simplify
things, we will only consider circular bends.

Centripetal acceleration

From the definition of e -
acceleration, we know that if e N
the velocity of a body changes, L N
it must be accelerating, y N
and that the direction of / \

acceleration is in the direction :/ A )

of the change in velocity. Let |

us consider a body moving | O Y
in a circle with a constant ‘
speed v. Figure 2.86 shows two ~ \

positions of the body separated \\ O/‘
v

by a short time. N ,

Figure 2.86 A body travels at constant } ~——____ -
speed around a circle of radius r.

Since this is a two-dimensional problem, we will need to draw the vectors to find
out the change in velocity. This has been done on the diagram. It can be seen
that the vector representing the change in velocity points to the centre of the
circle. This means that the acceleration is also directed towards the centre, and
this acceleration is called centripetal acceleration. All bodies moving in a circle
accelerate towards the centre.

Centripetal force

From Newton’s first law, we know that if a body accelerates, there must be an
unbalanced force acting on it. The second law tells us that that force is in the
direction of the acceleration. This implies that there must be a force acting towards
the centre. This force is called the centripetal force.

Centripetal force, F = m_rvz = mwr

Examples

All bodies moving in a circle must be acted upon by a force towards the centre of
the circle. However, this can be provided by many different forces.

1. Ball on a string

You can make a ball move in a circle by attaching it to a string and swinging it
round your head. In this case the centripetal force is provided by the tension in
the string. If the string suddenly broke, the ball would fly off in a straight line at a
tangent to the circle.



2. Car going round a bend

When a car goes round a bend, the force causing it to move in a circle is the
friction between the road and the tyres. Without this friction the car would move Wall of Death
in a straight line. v

3. Wall of Death

In the Wall of Death the rider travels around
the inside walls of a cylinder. Here the
centripetal force is provided by the normal
force between the wall and the tyres.

53 Calculate the centripetal force for a 1000 kg car travelling around a circular track of radius 50 m at
30kmh~.

Centripetal is not an extra force
Remember when solving circular
motion problems, centripetal force

54 A 200 g ball is made to travel in a circle of radius 1 m on the end of a string. If the maximum force
that the string can withstand before breaking is 50 N, what is the maximum speed of the ball?

55 A body of mass 250 g moves in a circle of radius 50 cm with a speed of 2m s~'. Calculate is not an extra force — it is one of
(a) the distance travelled per revolution the existing forces. Your task is to
(b) the time taken for one revolution find which force (or a component
(c) the angle swept out per revolution of it) points towards the centre.

(d) the angular velocity
(e) the centripetal acceleration
(f) the centripetal force.

Practice questions

1 This question is about linear motion.

A police car P is stationary by the side of a road. A car S, exceeding the speed limit,

passes the police car P at a constant speed of 18 m s~'. The police car P sets off to catch

car S just as car S passes the police car P. Car P accelerates at 4.5 m s~2 for a time of

6.0 s and then continues at constant speed. Car P takes a time t seconds to draw level

with car S.

(@) (i) State an expression, in terms of ¢, for the distance car S travels in tseconds. (1)
(ii) Calculate the distance travelled by the police car P during the first 6.0 seconds

of its motion. (1)

(iii) Calculate the speed of the police car P after it has completed its acceleration. (1)
(iv) State an expression, in terms of t, for the distance travelled by the police car P

during the time that it is travelling at constant speed. (1)
(b) Using your answers to (a), determine the total time t taken for the police car P to
draw level with car S. (2)

(Total 6 marks)
© International Baccalaureate Organisation
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2 This question is about the kinematics of an elevator (lift).
(a) Explain the difference between the gravitational mass and the inertial mass of
an object. (3)
An elevator (lift) starts from rest on the ground floor and comes to rest at a higher floor.
Its motion is controlled by an electric motor. A simplified graph of the variation of the
elevator’s velocity with time is shown below.

A

0.80 4
0.70
0.60 4

0.50

velosity 0.404
(ms™7)
0.304
0.204

0.10

»

0'00 T T T T T T T T T T T T
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time (s)

(b) The mass of the elevator is 250 kg. Use this information to calculate
(i) the acceleration of the elevator during the first 0.50s. (2)
(i) the total distance travelled by the elevator. (2)
(iii) the minimum work required to raise the elevator to the higher floor. (2)
(iv) the minimum average power required to raise the elevator to the higher floor.  (2)
(v) the efficiency of the electric motor that lifts the elevator, given that
the input power to the motor is 5.0 kW. (2)

(c) On the graph axes below, sketch a realistic variation of velocity for the elevator.
Explain your reasoning. (The simplified version is shown as a dotted line)

A
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The elevator is supported by a cable. The diagram opposite is a free-body force
diagram for when the elevator is moving upwards during the first 0.50s.

tension

v
weight

(d) In the space below, draw free-body force diagrams for the elevator during the
following time intervals.
(i) 0.5t011.50s (ii) 11.50t0 12.00s

(3)

A person is standing on weighing scales in the elevator. Before the elevator rises, the

reading on the scales is V.

(e) On the axes below, sketch a graph to show how the reading on the scales varies
during the whole 12.00 s upward journey of the elevator. (Note that this is a sketch
graph — you do not need to add any values.)

A

Reading on
scales

O-OO T T T T T T T T T T T T :
00 10 20 30 40 50 60 70 80 90 100 11.0 120

time (s) (3)

(f) The elevator now returns to the ground floor where it comes to rest. Describe and
explain the energy changes that take place during the whole up and down journey.
4
(Total 25 marks)
© International Baccalaureate Organisation
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3 This question is about throwing a stone from a cliff.
Antonia stands at the edge of a vertical cliff and throws a stone vertically upwards.

T v=80ms"'

sea

The stone leaves Antonia‘s hand with a speed v=8.0ms~".
The acceleration of free fall gis 10 m s~2 and all distance measurements are taken from
the point where the stone leaves Antonia’s hand.
(@) Ignoring air resistance calculate
(i) the maximum height reached by the stone. (2)
(ii) the time taken by the stone to reach its maximum height. (1)
The time between the stone leaving Antonia’s hand and hitting the sea is 3.0's.
(b) Determine the height of the cliff. (3)
(Total 6 marks)
© International Baccalaureate Organisation
4 This question is about conservation of momentum and conservation of energy.
(a) State Newton's third law. (1
(b) State the law of conservation of momentum. (2)
The diagram below shows two identical balls A and B on a horizontal surface. Ball B is

at rest and ball A is moving with speed v along a line joining the centres of the balls. The
mass of each ball is M.

Before collision Q

During the collision of the balls, the magnitude of the force that ball A exerts on ball B is
Fxg and the magnitude of the force that ball B exerts on ball A is Fg.

(c) On the diagram below, add labelled arrows to represent the magnitude and
direction of the forces Fag and Fgp.

During the collision ’ Q




The balls are in contact for a time t. After the collision, the speed of ball A is +v, and the
speed of ball B is +4 in the directions shown.

Va Vg

After the collision °

As a result of the collision, there is a change in momentum of ball A and of ball B.
(d) Use Newton's second law of mation to deduce an expression relating the forces
acting during the collision to the change in momentum of
(i) ball B. (2)
(ii) ballA. (2)
(e) Apply Newton’s third law and your answers to (d) to deduce that the change in
momentum of the system (ball A and ball B) as a result of this collision, is zero. (4)
(f) Deduce that if kinetic energy is conserved in the collision, then after the collision,
ball A will come to rest and ball B will move with speed v. (3)
(Total 17 marks)
© International Baccalaureate Organisation

This question is about the kinematics and dynamics of circular motion.

(@) A car goes round a curve in a road at constant speed. Explain why, although its
speed is constant, it is accelerating. (2)

In the diagram below, a marble (small glass sphere) rolls down a track, the bottom part

of which has been bent into a loop. The end A of the track, from which the marble is

released, is at a height of 0.80 m above the ground. Point B is the lowest point and

point C the highest point of the loop. The diameter of the loop is 0.35m.

A

marble
(W \
0.80m

0.35m

ground B

The mass of the marble is 0.050 kg. Friction forces and any gain in kinetic energy due to
the rotating of the marble can be ignored. The acceleration due to gravity, g=10ms=2.
Consider the marble when it is at point C.

(b) (i) On the diagram, draw an arrow to show the direction of the resultant force
acting on the marble. (1)

(i) State the names of the two forces acting on the marble. (2)
(iii) Deduce that the speed of the marble is 3.0ms~'. (3)
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(iv) Determine the resultant force acting on the marble and hence determine the
reaction force of the track on the marble. (4)

(Total 12 marks)
© International Baccalaureate Organisation

6 This question is about the collision between two railway trucks (carts).
(a) Define linear momentum. @)

In the diagram below, railway truck A is moving along a horizontal track. It collides
with a stationary truck B and on collision, the two join together. Inmediately before the
collision, truck A is moving with speed 5.0 ms~'. Immediately after collision, the speed
of the trucks is v.

5.0ms~’

Immediately after collision

The mass of truck A is 800 kg and the mass of truck B is 1200 kg.

(b) (i) Calculate the speed v immediately after the collision. (3)
(ii) Calculate the total kinetic energy lost during the collision. (2)

(c) Suggest what has happened to the lost kinetic energy. (2)
(Total 8 marks)

© |International Baccalaureate Organisation

7 This question is about estimating the energy changes for an escalator (moving staircase).
The diagram below represents an escalator. People step on to it at point A and step off
at point B.

30m

40°




(@) The escalator is 30 m long and makes an angle of 40° with the horizontal. At full
capacity, 48 people step on at point A and step off at point B every minute.
(i) Calculate the potential energy gained by a person of weight 700 N in moving

from A to B. (2)
(ii) Estimate the energy supplied by the escalator motor to the people every
minute when the escalator is working at full capacity. (1)

(iii) State one assumption that you have made to obtain your answer to (ii). (1)

The escalator is driven by an electric motor that has an efficiency of 70 %.
(b) (i) Using your answer to (a)(ii), calculate the minimum input power required by

the motor to drive the escalator. (3)
(i) Explain why it is not necessary to take into account the weight of the
escalator when calculating the input power. (1)
(c) Explain why in practice, the power of the motor will need to be greater than that
calculated in (b)(i). (1)

(Total 9 marks)
© International Baccalaureate Organisation
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Q Thermal concepts

Assessment statements

3.1.1 State that temperature determines the direction of thermal energy
transfer between two objects.

3.1.2  State the relation between the Kelvin and Celsius scales of
temperature.

3.1.3 State that the internal energy of a substance is the total potential
energy and random kinetic energy of the molecules of the substance.

3.1.4 Explain and distinguish between the macroscopic concepts of
temperature, internal energy and thermal energy (heat).

3.1.5 Define the mole and molar mass.

3.1.6 Define the Avogadro constant.

The role of the physicist is to observe our physical surroundings, take
measurements and think of ways to explain what we see. Up to this point in the
course we have been dealing with the motion of bodies. We can describe bodies
in terms of their mass and volume, and if we know their speed and the forces that
act on them, we can calculate where they will be at any given time. We even know
what happens if two hit each other. However, this is not enough to describe all the
differences between objects. For example, by simply holding different objects, we
can feel that some are hot and some are cold.

In this chapter we will develop a model to explain these differences, but first of all
we need to know what is inside matter.

The particle model of matter

Ancient Greek philosophers spent a lot of time thinking about what would happen
if they took a piece of cheese and kept cutting it in half.

Figure 3.1 Can we keep cutting the ’
cheese for ever?

@@@@@

They didn’t think it was possible to keep halving it for ever, so they suggested that
there must exist a smallest part — this they called the atom.

Atoms are too small to see (about 107! m in diameter) but we can think of
them as very small perfectly elastic balls. This means that when they collide, both
momentum and kinetic energy are conserved.




Elements and compounds

We might ask: ‘If everything is made of atoms, why isn’t everything the same?” The
answer is that there are many different types of atom.

@ hydrogen atom Q gold atom

There are 117 different types of atom, and a material made of just one type of
atom is called an element. There are, however, many more than 117 different types
of material. The other types of matter are made of atoms that have joined together
to form molecules. Materials made from molecules that contain more than one

type of atom are called compounds.
Cg water molecule

When buying apples, you can ask for 5kg of apples,
or, say, 10 apples — both are a measure of amount.
It’s the same with matter — you can express amount
in terms of either mass or number of particles.

@ hydrogen atom

O oxygen atom

The mole

A mole of any material contains 6.022 X 10% atoms
or molecules; this number is known as Avogadro’s
number.

Although all moles have the same number of
particles, they don’t all have the same mass. A mole
of carbon has a mass of 12 g and a mole of neon has
amass of 20 g — this is because a neon atom has
more mass than a carbon atom.

The three states of matter

From observations we know that there are three types, or states of matter: solid,
liquid and gas. If the particle model is correct, then we can use it to explain why

the three states are different.

Solid Fixed shape Liquid No fixed shape Gas No fixed shape
and volume but fixed volume or volume

~@> <@ <@
@ <@ <@
@ <@ <@
Molecules held in
position by a force.

Vibrate but don't
move around.

o e 9
AN

Force between molecules

not so strong so molecules

can move around.

2

No force between
molecules (ideally).

< Figure 3.2 Gold is made of gold atoms
and hydrogen is made of hydrogen
atoms.

I
6 This is a good example of how
models are used in physics. Here
we are modelling something that
we can't see, the atom, using a
familiar object, a rubber ball.

| Figure 3.3 Water is an example of a
compound.

A

Moles of different compounds.

‘ Figure 3.4 The particle model explains
the differences between solids, liquids
and gases. (The arrows represent
velocity vectors.)

N

6 We can't prove that this model
is true — we can only provide

I evidence that supports it.
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Ice, water and steam.

® Examiner’s hint: Be careful with the

units. Do all calculations using m?.

Figure 3.5 A wooden block is pulled ’

along a rough horizontal surface at a
constant velocity.

To a view a simulation showing how
friction can increase temperature,
visit heinemann.co.uk/hotlinks, enter
the express code 4426P and click on
Weblink 3.1.

(@)

Worked example

1 If a mole of carbon has a mass of 12 g, how many atoms of carbon are there in
2g?

2 The density of iron is 7874 kg m > and the mass of a mole of iron is 55.85 g.
What is the volume of 1 mole of iron?

Solution
1 One mole contains 6.022 X 10% atoms.

2gis ¢ of amole so contains 3 X 6.022 X 10> atoms = 1.004 X 10? atoms

mass

2 density = volume

mass
density

_0.05585
Volume of ] mole = g7 M

=7.093 X 107 m?
= 7.09 cm?

volume =

1 The mass of 1 mole of copper is 63.54 g and its density 8920 kgm—3
(a) What is the volume of one mole of copper?
(b) How many atoms does one mole of copper contain?
(c) How much volume does one atom of copper occupy?

2 [fthe density of aluminium is 2700 kg m~—2 and the volume of 1 mole is 10 cm?, what is the mass
of one mole of aluminium?

Internal energy

In Chapter 2, Mechanics, you met the concepts of energy and work. Use these
concepts to consider the following:

Velocity

Fis balanced by friction. That is E
why the block isn't accelerating. r——

&
<

Is any work being done on the block by force F?

Is energy being transferred to the block?

Is the KE of the block increasing?

Is the PE of the block increasing?

Where is the energy going?

You will have realised that since work is done, energy is given to the block, but its
PE and KE are not increasing. Since energy is conserved, the energy must be going

somewhere. It is going inside the block as internal energy. We can explain what is
happening using the particle model.



before after < Figure 3.6 Molecules gain internal
<O> <O> <O> 0> <0 ><0 energy.

gy
<> <o> <o> e

Molecules vibrate faster and are slightly further apart.

When we do work on an object, it enables the molecules to move faster (increasing
KE) and move apart (increasing PE). We say that the internal energy of the object
has increased.

In a solid, this means increasing the
KE and PE of the molecules; in a

gas itis just the KE. This is because
there are no forces between the
Worked example molecules of a gas, so it doesn't
require any work to pull them apart.

1 A car of mass 1000 kg is travelling at 30 m s~ 1. If the brakes are applied, how
much heat energy is transferred to the brakes?

‘ This thermogram of a car shows how
the wheels have become hot owing to
friction between the road and the tyres,
and the brakes pads and discs.

Solution
When the car is moving it has kinetic energy. This must be transferred to the
brakes when the car stops.

KE = %mv2
=1 X 1000 X 30?]
= 450Kk]J
So thermal energy transferred to the brakes = 450 kJ

3 Ablock of metal, mass 10 kg, is dropped from a height of 40 m.
(@) How much energy does the block have before it is dropped?
(b) How much heat energy do the block and floor gain when it hits the floor?

4 [fthe carin Example 1 was travelling at 60 ms~!, how much heat energy would the brakes receive?

Temperature

If we now pick a block up, after dragging it, we will notice something has changed. -
It has got hot; doing work on the block has made it hot. Hotness and coldness are 6 Itis important to realise the
the ways we perceive differences between objects. In physics, we use temperature to I difference between perception and

. . hysical measurement.
measure this difference more precisely. 1

Temperature (T) is a measure of how hot or cold an object is, and it is temperature
that determines the direction of heat flow.

Temperature is a scalar quantity, and is measured in degrees Celsius (°C) or
kelvin (K).
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0°Cis equivalent to 273 K. O
100°C is equivalent to 373 K.

At normal atmospheric pressure, O
pure water boils at 100 °C and

freezes at 0 °C. Room temperature

is about 20 °C.

Figure 3.7 Temperature is related to 4
kinetic energy.

Figure 3.8 Heat flows from the hot >
body to the cold body until they are at
the same temperature.

During the first part of this chapter, we will measure temperature in Celsius.
However when dealing with gases, we will use kelvin — this is because the Kelvin
scale is based on the properties of a gas.

To convert from degrees Celsius to kelvin, simply add 273.

Thermometers

Temperature cannot be measured directly, so we have to find something that
changes when the temperature changes. The most common thermometer consists
of a small amount of alcohol in a thin glass tube. As temperature increases,

the volume of the alcohol increases, so it rises up the tube. When we measure
temperature, we are really measuring the length of the alcohol column, but the
scale is calibrated to give the temperature in °C.

Temperature and the particle model

“@> <@ <@ “@><@> <@

“@> <@> O “@><@> <@

Cold - molecules Hot - molecules vibrate faster
vibrate a bit. and are slightly further apart.

From the previous model, we can see that the particles in a hot body move faster
than those in a cold one. The temperature is related to the average KE of the
particles.

Heat transfer

Pulling a block of wood along a rough surface is not the only way to increase its
temperature. We can make a cold body hot by placing it next to a hot body. We
know that if the cold body gets hot, then it must have received energy — this is
heat or thermal energy.

We are often more interested in preventing heat flow than causing it. Placing an
insulating layer (e.g. woollen cloth) between the hot and cold bodies will reduce
the rate of heat flow.

Thermal equilibrium

before

0°C 100°C

h
Heat flows from the hot to the cold.

50°C 50°C

after

At this point no more heat will flow — this is called thermal equilibrium.



@ Thermal properties of matter

Assessment statements

3.2.1 Define specific heat capacity and thermal capacity.

3.2.2 Solve problems involving specific heat capacities and thermal
capacities.

3.2.3 Explain the physical differences between the solid, liquid and gaseous
phases in terms of molecular structure and particle motion.

3.2.4 Describe and explain the process of phase changes in terms of
molecular behaviour.

3.2.5 Explain in terms of molecular behaviour why temperature does not
change during a phase change.

3.2.6 Distinguish between evaporation and boiling.

3.2.7 Define specific latent heat.

3.2.8 Solve problems involving specific latent heats.

Thermal capacity (C)

If heat is added to a body, its temperature rises, but the actual increase in
temperature depends on the body.

The thermal capacity (C) of a body is the amount of heat needed to raise its
temperature by 1°C. Unit: J°C™!

If the temperature of a body increases by an amount AT when quantity of heat Q
is added, then the thermal capacity is given by the equation:
Q

C=AT

Worked example

1 If the thermal capacity of a quantity of water is 5000 J °C~!, how much heat is
required to raise its temperature from 20 °C to 100 °C?

2 How much heat is lost from a block of metal of thermal capacity 800 J°C™!
when it cools down from 60 °C to 20 °C?

Solution

1 Thermal capacity Q= A—QT From definition
So Q= CAT Rearranging
Therefore Q= 5000 X (100 — 20)J
So the heat required Q = 400Kk]

2 Thermal capacity C= A_QT From definition
So Q= CAT Rearranging
Therefore Q =800 X (60 — 20) ]

So the heat lost Q =132k

This applies not only when things
are given heat, but also when they
lose heat.
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5 The thermal capacity of a 60 kg human is 210kJ °C~". How much heat is lost from a body if its
temperature drops by 2 °C?

6 The temperature of a room is 10 °C. In Thour the room is heated to 20°C by a 1 kW electric heater.
© Examiner’s hint: Remember, power is (a) How much heat is delivered to the room?
energy per unit time. (b) What is the thermal capacity of the room?
(c) Does all this heat go to heat the room?

Specific heat capacity (c)

The thermal capacity depends on the size of the object and what it is made of. The
specific heat capacity depends only on the material. Raising the temperature of 1kg
of water requires more heat than raising 1kg of steel by the same amount, so the
specific heat capacity of water is higher than that of steel.

The specific heat capacity of a material is the amount of heat required to raise the
temperature of 1kg of the material by 1°C. Unit: Jkg=!°C™!

If a quantity of heat Q is required to raise the temperature of a mass m of material
by AT then the specific heat capacity (¢) of that material is given by the following
equation:

The specific heat capacity of water is ’
quite high, so it takes a lot of energy to
heat up the water for a shower.

Worked example
1 The specific heat capacity of water is 4200 J kg~! °C~!. How much heat will be
required to heat 300 g of water from 20 °C to 60 °C?

2 A metal block of mass 1.5 kg loses 20 kJ of heat. As this happens, its temperature
drops from 60 °C to 45 °C. What is the specific heat capacity of the metal?




Solution

1 Specific heat capacity ¢= mgT From definition
So Q = cmAT Rearranging
Therefore Q = 4200 X 0.3 X 40 Note: Convert g to kg
Q=50.4k]

. . _ Q o
2 Specific heat capacity ¢ = AT From definition

So ¢ = 20000/1.5(60—45) Rearranging
c=888.9Jkg™1°C™!

Use the data in the table to solve the problems:

Substance Specific heat capacity (J kg~'°C™")
Water 4200

Copper 380

Aluminium 900

Steel 440

7 How much heat is required to raise the temperature of 250 g of copper from 20 °C to 160 °C?

8 The density of water is 1000 kgm 3.
(@) Whatis the mass of 1 litre of water?
(b) How much energy will it take to raise the temperature of 1litre of water from 20 °C to 100 °C?
(c) A water heater has a power rating of 1 kW. How many seconds will this heater take to boil
1 litre of water?

9 A 500 g piece of aluminium is heated with a 500 W heater for 10 minutes.
(a) How much energy will be given to the aluminium in this time?
(b) If the temperature of the aluminium was 20°C at the beginning, what will its temperature be
after 10 minutes?

10 A car of mass 1500 kg travelling at 20 m s~ brakes suddenly and comes to a stop.
(@) How much KE does the car lose?
(b) If 75% of the energy is given to the front brakes, how much energy will they receive?
(c) The brakes are made out of steel and have a total mass of 10 kg. By how much will their
temperature rise?

11 The water comes out of a showerhead at a temperature of 50 °C at a rate of 8 litres per minute.
(a) If you take a shower lasting 10 minutes, how many kg of water have you used?
(b) If the water must be heated from 10 °C, how much energy is needed to heat the water?

Change of state

melting 4 Figure 3.9 When matter changes
from liquid to gas, or solid to liquid, it is

freezi
reezing changing state.

vaporisation

condensation

When water boils, this is called a change of state (or change of phase). As this
happens, the temperature of the water doesn’t change — it stays at 100 °C. In fact,
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we find that whenever the state of a material changes, the temperature stays the
same. We can explain this in terms of the particle model.

Figure 3.10 Molecules gain PE when > Q- @ ‘\ Q@
the state changes. 4_._> \.Y\. %
<O ¢ jeu

Solid molecules have KE Liquid molecules are now free to move
since they are vibrating. about but have the same KE as before.

.I .I energy added
~@> @

When matter changes state, the energy is needed to enable the molecules to move
more freely. To understand this, consider the example below.

Figure 3.11 A ball-in-a-box model of }

change of state. energy energy
added added
—_— et
Ball has KE as it is Ball now has Ball now has same KE as
moving in the box. KE + PE. before but also has PE and

is free to move around.

An iceberg melts as it floats into warmer }
water.

Boiling and evaporation

These are two different processes by which liquids can change to gases.

Boiling takes place throughout the liquid and always at the same temperature.
Evaporation takes place only at the surface of the liquid and can happen at all
temperatures.

| 4 Some fast-moving molecules leave
the surface of the liquid.

o ¥ e \¥ X
Liquid turnsto gas 2%

Figure 3.12 A microscopic model of
evaporation.

at the surface.
Liquid cools as average KE decreases.
When a liquid evaporates, the fastest-moving particles leave the surface. This

means that the average kinetic energy of the remaining particles is lower, resulting
in a drop in temperature.




The rate of evaporation can be increased by:
e Increasing the surface area; this increases the number of molecules near the
surface, giving more of them a chance to escape.

People sweat to increase the rate
at which they lose heat. When you
get hot, sweat comes out of your
e Blowing across the surface. After molecules have left the surface they form a skin onto the surface of your body.

small ‘vapour cloud” above the liquid. If this is blown away, it allows further When the sweat evaporates, it
molecules to leave the surface more easily. ,COOIS you down. Ina sauna there'
.. .. .. L. is so much water vapour in the air
e Raising the temperature; this increases the kinetic energy of the liquid O U AR A——
molecules, enabling more to escape.

Specific latent heat (L)

The specific latent heat of a material is the amount of heat required to change the
state of 1kg of the material without change of temperature.

Unit: Jkg™!

Latent means hidden. This name is used because when matter changes state, the
heat added does not cause the temperature to rise, but seems to disappear.

If it takes an amount of energy Q to change the state of a mass m of a substance, O Solid—liquid
then the specific latent heat of that substance is given by the equation: Specific latent heat of fusion
Q Liquid—gas
“m Specific latent heat of vaporization

Worked example

1 The specific latent heat of fusion of water is 3.35 X 10° J kg~!. How much
energy is required to change 500 g of ice into water?

2 The amount of heat released when 100 g of steam turns to water is 2.27 X 10° J.
What is the specific latent heat of vaporization of water?

Solution Q
1 The latent heat of fusion Ly = 3;; From definition
So Q = mL Rearranging
Therefore Q=10.5X%X3.35X%X10"]
So the heat required Q=1.675 X 10°J
2 The specific latent heat of vaporization L= % From definition
Therefore L =227 X 10°0.1Tkg ™!

So the specific latent heat of vaporization L = 2.27 X 10¢Jkg™!

This equation (L = %) can also

be used to calculate the heat lost
_ Brerdises when s substance changes rom

gas to liquid, or liquid to solid.

Latent heats of water Latent heat of vaporization | 2.27 X 10°Jkg™!

Latent heat of fusion 335X 10°Jkg™'

Use the data about water in the table to solve the following problems.

12 [f the mass of water in a cloud is 1million kg, how much energy will be released if the cloud turns
from water to ice?

13 A water boiler has a power rating of 800 W. How long will it take to turn 400 g of boiling water into
steam?

14 The ice covering a 1000 m? lake is 2 cm thick.
(a) Ifthe density of ice is 920 kgm ™3, what is the mass of the ice on the lake?
(b) How much energy is required to melt the ice?
(c) If the sun melts the ice in 5 hours, what is the power delivered to the lake?
(d) How much power does the Sun deliver per m??
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Figure 3.13 Temperature—time graph ’
for 1kg of water being heated in an
electric kettle.

In this example, we are ignoring O
the heat given to the kettle and the
heat lost.

Figure 3.14 A graph of temperature vs }
time for boiling water. When the water

is boiling, the temperature does not
increase any more.

Graphical representation of heating

The increase of the temperature of a body can be represented by a
temperature—time graph. Observing this graph can give us a lot of information
about the heating process.

A
60

temperature
/°C
20+

>
>

0

N e ——

N

time/s

From this graph we can calculate the amount of heat given to the water per unit
time (power).
. temperature rise AT
Th nt of th h=———"——#/#——=="~
e gradient of the grap time 7
We know from the definition of specific heat capacity that

heat added = mcAT

The rate of adding heat = P = mCtAT
So P = mc X gradient
(60 — 20)

The gradient of this line = °Cs™!'=0.167°Cs™!

240
So the power delivered = 4200 X 0.167 W = 700 W

If we continue to heat this water it will begin to boil.

A

1004 )
temperature | 1 1
rC 604 : :
20 5 5
240 480 960

time/s

If we assume that the heater is giving heat to the water at the same rate, then we
can calculate how much heat was given to the water whilst it was boiling.

Power of the heater = 700 W

Time of boiling = 480 s

Energy supplied = power X time = 700 X 480] = 3.36 X 10°]

From this we can calculate how much water must have turned to steam.
Heat added to change state = mass X latent heat of vaporization,

where latent heat of vaporization of water = 2.27 X 10°J kg™ .

3.36 X 10°

Mass ch =
ass changed to steam 227 X 10°

= 0.15kg



< Figure 3.15 Heat loss.

g When boiling a kettle, heat is
temperature 60 continually being lost to the '
/°C room. The amount of heat loss is
proportional to the temperature of
the kettle. For this reason, a graph
20 of temperature against time is
actually a curve, as shown in

2‘"0 4£I30 Figure 3.15.
time/s The fact that the gradient
decreases, tells us that the amount
of heat given to the water gets less
with time. This is because as it gets

Measuring thermal quantities by the methOd Of hotter, more and more of the heat
mixtures is lost to the room.

The method of mixtures can be used to measure the specific heat capacity and
specific latent heat of substances.

A\

Specific heat capacity of a metal

A metal sample is first heated to a known temperature. The most convenient way
of doing this is to place it in boiling water for a few minutes; after this time it will
be at 100 °C. The hot metal is then quickly moved to an insulated cup containing
a known mass of cold water. The hot metal will cause the temperature of the
cold water to rise; the rise in temperature is measured with a thermometer. Some
example temperatures and masses are given in Figure 3.16.

4 Figure 3.16 Measuring the specific
heat capacity of a metal.

y)
~N

0.1 kg 100°C H

0.4kg

10°C 15°C

As the specific heat capacity of water is 4180 Jkg™! °C™!, we can calculate the
specific heat capacity of the metal.

AT for the metal = 100 — 15 = 85°C
and AT for the water = 15 — 10 = 5°C
Applying the formula Q = mcAT we get
(mMCcAT) e = 0.1 X ¢ X 85 = 8.5¢
(MEAT), e = 0.4 X 4180 X 5 = 8360

If no heat is lost, then the heat transferred from the metal = heat transferred to
the water

8.5¢ = 8360
Cmetal = 983 Jkg™! °C™!
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Figure 3.17 By measuring the rise in }
temperature, the specific latent heat
can be calculated.

Latent heat of vaporization of water

To measure the latent heat of vaporization, steam is passed into cold water. Some
of the steam condenses in the water, causing the water temperature to rise.
The heat from the steam = the heat to the water.

steam

0.4kg !‘ 0.413kg

In Figure 3.17, 13 g of steam have condensed in the water, raising its temperature
by 20 °C. The steam condenses then cools down from 100 °C to 30 °C.
Heat from steam = mly,,, + mMcA T,
0.013 X L+ 0.013 X 4.18 X 10°> X 70 = 0.013L + 3803.8
Heat transferred to cold water = mcAT, ., = 0.4 X 4.18 X 10° X 20
= 33440]
Since heat from steam = heat to water
0.013L + 3803.8 = 33440

_ 33440 — 3803.8
0.013

L=228X10Tkg"!

So L

Heat loss

In both of these experiments, some of the heat coming from the hot source can be
lost to the surroundings. To reduce heat loss, the temperatures can be adjusted, so
you could start the experiment below room temperature and end the same amount
above (e.g. if room temperature is 20 °C, then you can start at 10°C and end at 30°C).

Transfer of water

In the specific heat capacity experiment, droplets of hot water may be transferred
with the metal block. This would add extra energy to the water, causing the
temperature to rise a little bit too high. In the latent heat experiment, droplets of
water sometimes condense in the tube — since they have already condensed, they
don’t give so much heat to the water.

@ Kinetic model of an ideal gas

Assessment statements

3.2.9 Define pressure.

3.2.10 State the assumptions of the kinetic model of an ideal gas.

3.2.11 State that temperature is a measure of the average random kinetic
energy of the molecules of an ideal gas.

3.2.12 Explain the macroscopic behaviour of an ideal gas in terms of a
molecular model.



The ideal gas

Of the three states of matter, the gaseous state has the simplest model; this is
because the forces between the molecules of a gas are very small, so they are able
to move freely. We can therefore use what we know about the motion of particles
learnt in the mechanics section to study gases in more detail.

According to our simple model, a gas is made up of a large number of perfectly
elastic, tiny spheres moving in random motion.

This model makes some assumptions:

e The molecules are perfectly elastic.

e The molecules are spheres.

e The molecules are identical.

e There are no forces between the molecules (except when they collide) — this
means that the molecules move with constant velocity between collisions.

e The molecules are very small, that is, their total volume is much smaller than
the volume of the gas.

Some of these assumptions are not true for all gases, especially when the gas is
compressed (when the molecules are so close together that they experience a force

between them). The gas then behaves as a liquid. However, to keep things simple, we

will only consider gases that behave like our model. We call these gases ideal gases.

Temperature of a gas

From our general particle model of matter, we know that the temperature of a gas
is directly related to the average KE of the molecules. If the temperature increases,
then the speed of the particles will increase.

Figure 3.18 Simple model of a gas in
a box. In reality the molecules have a
range of velocities, not just two.

temperatures.

‘ Nitrogen becomes a liquid at low

Figure 3.19 The molecules in a hot
gas have a higher average KE.

v
200K

300K

Q
bd
g o.

.

9
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Pressure of a gas

Let us apply what we know about particles to one molecule of a gas. Consider a
single gas molecule in a box. According to the model, this is like a perfectly elastic
sphere bouncing off the sides

We can see that this particle keeps hitting the walls of the container. Each time it
does this, its direction, and therefore its velocity, changes.

Newton’s first law of motion says that if a particle isn’t at rest or moving with a
constant velocity then it must be experiencing an unbalanced force. The particle is
therefore experiencing an unbalanced force.

\ Newton’s second law says that the size of this force is equal to the rate of change of
momentum, so the force will be greater if the particle travels with a greater speed,

A or hits the sides more often.

Figure 3.20 A rubber ball bouncing

around a box. Newton’s third law says that if body A exerts a force on body B, then body B will
exert an equal and opposite force on A. The wall exerts a force on the particle, so

O\ the particle must exert a force on the wall.
O\ If we now add more molecules (as in Figure 3.21) then the particles exert a

continuous force, F, on the walls of the container. If the walls have a total area A,

O\ then since
force

pressure = area

A

Figure 3.21 Many rubber balls we can say that the pressure exerted on the walls is F/A — in other words, the
QUG Ol (59 particles exert a pressure on the container.

It is important to realise that we have been talking about the gas model, not the
actual gas. The model predicts that the gas should exert a pressure on the walls of
its container and it does.

The atmosphere also exerts a O
pressure; this changes from day to

day but is approximately 100 kPa. Properties of a gas

1pascal=1Pa=1Nm™ . . .
P We can now use the particle model to explain why a gas behaves as it does.

Figure 3.22 A gasin a piston can be ’
used to vary the properties of a gas.

-l —sliding
piston

gas

If you push on the piston you
can feel the gas push back.

0
<0
(02N PEe)
ol 2ee, Pressure and volume
L > 08 If the volume is reduced, the particles hit the walls more often, since the walls are
A closer together. The force exerted by the molecules is equal to the rate of change
Figure 3.23 The volume of a gas is of momentum; this will increase if the hits are more frequent, resulting in an
reduced. increased pressure.



Pressure and temperature

ANe) Slow moving Fast moving | Figure 3.24 The temperature of a gas
d ‘ molecules of molecules of i lincessadl
@ |cold gas. hot gas.

®

d
0 0}

Increase in temperature increases the speed of the molecules. When the molecules
hit the walls, their change of momentum will be greater and they will hit the walls
more often. The result is a greater rate of change of momentum and hence a larger
force. This results in an increase in pressure.

Doing work on a gas

When you push the piston of a pump, it collides with the molecules, giving them
energy (rather like a tennis racket hitting a ball). You are doing work on the gas. To understand how pressure,

The increase in kinetic energy results in an increase in temperature and pressure. temperature and volume of a gas
are related, visit heinemann.co.uk/
hotlinks, enter the express code
tyres. 4426P and click on Weblink 3.2.

This is why the temperature of a bicycle pump increases when you pump up the

Gas does work

When a gas expands, it has to push away the surrounding air. In pushing the air
away, the gas does work, and doing this work requires energy. This energy comes
from the kinetic energy of the molecules, resulting in a reduction in temperature.
This is why an aerosol feels cold when you spray it; the gas expands as it comes out
of the canister.

@ Thermodynamics

Assessment statements

10.1.3 Describe the concept of the absolute zero of temperature and the
Kelvin scale of temperature

10.1.1 State the equation of state for an ideal gas.

10.1.4 Solve problems using the equation of state of an ideal gas.

10.1.2 Describe the difference between an ideal gas and a real gas.

thermometer < Figure 3.25 The pressure of a fixed
volume of gas can be measured as the
temperature is changed.

pressure guage

flask containing air

I water

heat




Thermal physics

pressure

—273 temperature/°C

A

Figure 3.26

There is no problem having ice O
and water existing in equilibrium
but to make the water boil at the

same time, the pressure must be
reduced.

The absolute temperature scale (Kelvin)
Absolute zero

If we measure the pressure of a fixed volume of gas at different temperatures we
find that temperature and pressure are linearly related as shown in Figure 3.26.
We can explain this using the kinetic theory in the following way. Increasing the
temperature results in an increase in the average KE of the molecules, so

the molecules start to move faster. When the fast moving molecules collide
with the walls of the container, the change in momentum is greater so the force
exerted on the wall is greater (according to Newton). This, coupled with the
fact that the collisions will now occur more often, results in an increase in
pressure.

We can see from Figure 3.26 that the line passes through the x-axis at —273 °C.
This is the temperature when the pressure of the gas is zero. According to the
kinetic theory, this is the point at which the molecules have stopped moving,
which suggests that there must be a lowest possible temperature. We would

not have come to the same conclusion if we had based our temperature
measurement on the length of a metal rod since this will never be zero, no matter
how cold it is.

Defining the scale

All temperature scales are based on some physical property that changes with
changing temperature. The absolute temperature scale is based on the pressure

of a fixed mass of gas kept at constant volume. To define the size of any unit we
need two fixed points (e.g. the metre could be defined in terms of the two ends

of a metal rod).The absolute temperature scale is an exception to this rule, since
the zero on the scale is absolute. In this case we only need one fixed point. A fixed
point used to define a temperature scale is some observable event that always takes
place at the same temperature; the commonly used examples are the melting and
boiling of pure water at normal atmospheric pressure. The one used to define the
absolute temperature scale is the triple point of water. This is the temperature at
which water exists as solid, liquid and gas in equilibrium, 0.01 °C, almost the same
as the freezing point.

Setting the size of the unit

To set the size of the unit we simply divide the difference between the fixed points
into a convenient number of steps. The metre, for example, is divided into 100
centimetre steps. It might seem sensible to split the difference between the triple
point and absolute zero into 100; however, this would make converting between
Celsius and the new scale rather awkward. It is much better to choose the same
division as used in the Celsius scale, then the units will be of equal size. If we look
at Figure 3.26 we see that there are 273 °C between absolute zero and the triple
point (about 0°C) , so if we make the triple point 273 on the new scale, the two
will be the same.

To clarify this, let us take an example.

Figure 3.27 shows the sort of apparatus that could be used to carry out this
experiment. A sample of gas is cooled down to the triple point by placing it in a
bath containing water, ice and steam in equilibrium. The pressure of the gas at
this temperature is then measured to be 75kPa. To make the scale, this point is



4 Figure 3.27

3 7
gas kept pressure guage
at
triple point
\=//
plotted on a graph as shown in Figure 3.28. By choosing the triple point to be 273 Figure 3.28 Graph used to define the
we make the gradient of this graph the same as Figure 3.26. This makes conversion $|V'n ——
from Celsius a simple matter of adding 273.
pressure ,
Converting between the Kelvin and Celsius scales (kPa)
0K = —273°C
273K = 0°C 75 :
To convert from K to °C subtract 273.
2}3 temperatu;e/K

To convert from °C to K add 273.

Since the size of the unit is the same, a change in temperature is the same in K

and °C.

Example ) )
For more precise calculations

Water is heated from 20 °C to 80 °C; this is a change of 80 — 20 = 60°C you should use a value of

In kelvin, this is from 293 K to 353 K; this is a change of 353 — 293 = 60K 27315K=0C

Defining the state of a gas

Defining the state of a body means to give all the quantities necessary to enable
someone else to recreate the exact conditions that you observe. A piece of metal

can have many different temperatures and when its temperature is increased it
expands. So to define the state of a given mass of metal you would need to quote its
temperature and volume. To represent these states graphically a graph of temperature
against volume could be plotted. All possible states would then lie on a straight line.

To define the state of a sample of gas you need to quote three quantities: pressure,
volume and temperature. To represent these three quantities we would need to
plot a three-dimensional graph. If we do this for an ideal gas we get a curved
surface like the one shown in Figure 3.29. All possible states of the gas then lie on
the curved surface.

The equation of this surface is
PV = nRT

where n = the number of moles

Figure 3.29

R = the molar gas constant (8.31 Jmol ! K™!)

This is called the equation of state for an ideal gas.

Worked example

The pressure of a gas inside a cylinder is 300 kPa. If the gas is compressed to half
its original volume and the temperature rises from 23 °C to 323 °C, what will its
new pressure be?
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Figure 3.30 The curved surface of
Figure.3.29 viewed in 2D.

>

Solution
Using the ideal gas equation: ~ PV = nRT
Rearranging: %/ = consant
So %/ at the beginning = %/ at the end
PV .. _ 300000 X V
o at the beginning = 300
PV _PX V2
- at theend = 600
ino: V. _PX VP2
Equating: 300000 X 300 g0
- 2
P = 300000 X 600 X 300
P = 1200kPa

15 The pressure of 10 m? of gas in a sealed container at 300K is 250 kPa. If the temperature of the
gas is changed to 350 K, what will the pressure be?

16 A container of volume 2 m? contains 5 moles of gas. If the temperature of the gas is 293 K.
(@) what is the pressure exerted by the gas?
(b) what is the new pressure if half of the gas leaks out?

17 A piston contains 250 cm? of gas at 300 K and a pressure of 150 kPa. The gas expands, causing the
pressure to go down to 100 kPa and the temperature drops to 250 K. What is the new volume?

18 A sample of gas trapped in a piston is heated and compressed at the same time. This results in a
doubling of temperature and a halving of the volume. If the initial pressure was 100 kPa, what will
the final pressure be?

PV diagrams

It is rather difficult to draw the 3D graph that represents PV and T so to make life
simpler we draw the view looking along the T axis. This is called a PV diagram
and is shown in Figure 3.30.

TN\

P,

>
T »

v, v

You can imagine that the whole area of the PV diagram is covered in points.

Each point represents the gas at a different state, in other words with different PV
and T. If we join up all the points with equal pressure P, we get a horizontal line; if
we join all points with equal volume V; we get a vertical line, and joining all points
with equal temperature T) gives the blue curve shown.

The higher temperature curves are the ones further away from the origin, so

T, > T,. To explain this, consider a gas at volume V, pressure P, and temperature
T,. If the volume is kept constant as the temperature is increased, its pressure will
increase. So its position on the diagram will move up the y-axis to a higher blue



line. The blue lines are called isotherms, and although they are not always drawn
on the PV diagram you must never forget that they are there.

Gas transformations
A gas can be heated, cooled, compressed and expanded. But, according to the
equation of state for an ideal gas, whatever we do to the gas the value of rv will

T

remain the same. We can represent these changes on a PV diagram as illustrated in
Figure 3.31.

Constant pressure (isobaric)

The line A—B represents a constant pressure change. From A to B the volume is
getting smaller, so this is a compression. When this happens, we can also deduce
that the temperature must decrease, since the gas moves to a lower isotherm.

Constant volume (isochoric)

The line B—C represents a constant volume change. From B to C the pressure is
increasing. This is because the temperature is increasing as can be deduced from
the fact that the gas is changing to a higher temperature isotherm.

Constant temperature (isothermal)

The line C-A is an isotherm so represents a change at constant temperature.
From C to A the volume is increasing, so this is an expansion.

19 Figure 3.32 represents four different transitions performed on the same sample of a gas. For each
transition (a, b, c and d) deduce whether each of P, Vand T go up, down or stay the same.

P d

Figure 3.32

Real gases

If we compress a gas, the molecules get closer and closer together.

According to our simple kinetic theory there is no force between the molecules,
so the only effect of compressing the gas is that the molecules become denser
and therefore hit the walls more often, resulting in a proportional increase in
pressure. However, as the gas molecules become very close to each other, the
force between them is no longer negligible. As you try to push them closer, they
push back. The pressure is no longer proportional to the volume but rises very
steeply as the volume is reduced. What has happened is that the gas has changed
to a liquid and that is what most real gases do, unless the temperature is very
high. At high temperatures, no matter how much you compress the gas it will not
turn to liquid.

PA
C
B A
4
A
Figure 3.31

Ideal gases and real gases

Ideal and real are not two types of
gas. Ideal and real are the way the
gas behaves. P, Vand T for an ideal
gas are related by the equation
PV = nRT. Carbon dioxide

behaves like an ideal gas at high
temperatures and low pressures
but not at low temperatures and
high pressures.
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Thermodynamic system O
Thermodynamics relates to a

thermodynamic system — this is

a collection of bodies that can

do work on and exchange heat
between each other. The car
engine and the human body are
both thermodynamic systems. In
this course we will consider only
the simple system of a gas trapped
by a piston. However, the laws
apply to all systems.

Figure 3.33 A gas expands at constant
pressure.

@ Thermodynamic processes

Assessment statements

10.2.1 Deduce an expression for the work involved in a volume change of a
gas at constant pressure.

10.2.2 State the first law of thermodynamics.

10.2.3 Identify the first law of thermodynamics as a statement of the principle
of energy conservation.

10.2.4 Describe the isochoric (isovolumetric), isobaric, isothermal and
adiabatic changes of state of an ideal gas.

10.2.5 Draw and annotate thermodynamic processes and cycles on P-V
diagrams.

10.2.6 Calculate from a P-V diagram the work done in a thermodynamic
cycle.

10.2.7 Solve problems involving state changes of a gas.

Energy and gas transformations

When dealing with the motion of a simple ball, we found that if we used the law of
conservation of energy to solve problems, it was often simpler than going into the
details of all the forces, acceleration etc. The same is true when dealing with the
billions of particles that make up a gas — as long as the system is isolated, we can
use the conservation of energy to predict the outcome of any transformation.

But before we can do that, we need to know in what way energy is involved when a
gas changes state.

Internal energy

From the study of mechanics we know that a particle can possess two types of
energy: PE and KE. According to our simple kinetic model of a gas there are no
forces between the molecules. This means that to move a molecule around requires
no work to be done (work done = force X distance) so moving the molecules will
not result in a change in the PE. On the other hand, we know that the molecules
are moving about in random motion — they therefore do possess KE. The sum of
all the KE of all the molecules is called the internal energy.

Work done

Work is done when the point of application of a force moves in the direction of
the force. If the pressure of a gas pushes a piston out, then the force exerted on
the piston is moving in the direction of the force, so work is done. The example
in Figure 3.33 is of a gas expanding at constant pressure. In this case, the force
exerted on the piston = P X A. The work done when the piston moved distance
Ad is therefore given by:

Work done = P X A X Ad
but AAd is the change in volume AV, so

Work done = PAV



Figure 3.34 is the PV graph for this constant pressure expansion. From this we

.. .. Si f k
can see that the work done is given by the area under the graph. This is true for all el

When a gas does work, it is pushing
processes. the piston out; this is positive.

PA If work is done on the gas then
something must be pushing the
piston in. This is negative work.

4 Figure 3.34
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Heat

Heat is the name given to the energy that is exchanged when a hot body is in
contact with a cold one. Adding heat to a gas can increase its internal energy and
allow it to do work.

The first law of thermodynamics

According to the law of conservation of energy, energy can neither be created nor

destroyed, so the amount of heat, Q, added to a gas must equal the work done by First law (simple version)

the gas, W, plus the increase in internal energy, AU. This is so fundamental to the If a gas expands and gets hot, heat
way physical systems behave that it is called the first law of thermodynamics. This must have been added.

can be written in the following way

Q=AU+ W

This would be nice and easy if the only thing a gas could do is gain heat, get hot
and do work. However, heat can be added and lost, work can be done by the

gas and on the gas and the internal energy can increase and decrease. To help us
understand all the different possibilities, we will use the PV diagram to represent
the states of a gas.

Using PV diagrams in thermodynamics

We have seen how a PV diagram enables us to see
the changes in B, Vand T that take place when a gas
changes from one state to another. It also tells us

PA <4 Figure 3.35

what energy changes are taking place. If we consider A B
the transformation represented in Figure 3.35 we
can deduce that when the gas changes from A to B:

1 Since the volume is increasing, the gas is doing
work (W is positive).

<Y

2 Since the temperature is increasing, the internal energy is increasing (AU is
positive).

If we then .apply the first law Q = A U4j ‘Wwe can conclude that if both AU and © Examiner’s hint:
W are positive then Q must also be positive, so heat must have been added. Change in volume tells us whether

L. 3 . . work is done by the gas or on it.
This is a typical example of how we use the PV diagram with the first law; we use onermes
Change in temperature tells us

the diagram to find out how the temperature changes and whether work is done whether the internal energy goes up or
by the gas or on the gas, and then use the first law to deduce whether heat is added down.

or lost. Change in pressure is not interesting.
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v
A
Figure 3.36 An isochoric
transformation.
PA
%

A

Figure 3.37 A isothermal expansion.

Figure 3.38 Adiabatic contraction.

>

Examples
Constant pressure contraction (isobaric)

The example of Figure 3.35 was an isobaric expansion; if we reverse this
transformation (B — A) we get an isobaric compression. In this case:

1 Temperature decrease implies that the internal energy decreases (A U = negative).
2 Volume decrease implies that work is done on the gas (W = negative).

Applying the first law, Q = AU + W, tells us that Q is also negative, so heat is lost.

Constant volume increase in temperature (isochoric)

Figure 3.36 is the PV graph for a gas undergoing a constant volume
transformation. From the graph we can deduce that:

1 The volume isn’t changing, so no work is done (W = 0).

2 The gas changes to a higher isotherm so the temperature is increasing; this
means that the internal energy is increasing (AU = positive).

Applying the first law Q = AU + W we can conclude that Q = AU so if AU is
positive then Q is also positive — heat has been added.

Isothermal expansion

When a gas expands isothermally the transformation follows an isothermal as
shown in Figure 3.37. From this PV diagram we can deduce that:

1 The temperature doesn’t change so there is no change in internal energy (AU = 0)
2 The volume increases so work is done by the gas (W = positive).

Applying the first law, Q = AU + W, we conclude that Q = W so heat must have
been added. The heat added enables the gas to do work.

Adiabatic contraction

An adiabatic transformation is one where no heat is exchanged (Q = 0). This
transformation is represented by the red line in Figure 3.38. It is much steeper
than an isothermal. From the PV diagram we can deduce that:

1 The volume is reduced so work is done on the gas (W = negative).

2 The temperature increases so the internal energy increases (AU = positive).

We also know that Q = 0 so if we apply the first law Q = AU + W, we get
0=AU—-W

Rearranging gives AU = W, so the work done on the gas goes to increase the
internal energy.
PA

<Y



L Beoises [

You can't easily tell if a curve on a PV
graph is adiabatic or isothermal - you
have to be told by the examiner. If

you have both on a diagram then the
21 Estimate the work done by the gas that undergoes the transformation shown in Figure 3.39. adiabatic is the steeper one.

20 Calculate the work done by the gas when it expands from a volume of 250 cm? to 350 cm? at a
constant pressure of 200 kPa.

PA

200kPa

B\

100kPa

3
»

100cm? 350cm® V

Figure 3.39

Thermodynamic cycles

A thermodynamic cycle is represented by a closed loop on a PV diagram PA
as in Figure 3.40. In this example the cycle is clockwise so the sequence of
transformations is:

[ve)
(@)

A-B isochoric temperature rise

B—C isobaric expansion

>
O

C-D isochoric temperature drop

<vY

D-A isobaric compression.

In the process of completing this cycle, work is done on the gas from D to A and A 4

the gas does work from B to C. It is clear from the diagram that the work done by Figure 3.0 A thermodynamic cycle.
the gas is greater than the work done on the gas (since the area under the graph is

greater from B to C than from D to A) so net work is done. What we have here is

an engine; heat is added and work is done. Let us look at this cycle more closely.

w 4 Figure 3.41 An example of a

T thermodynamic cycle, the red and blue
rectangles placed under the piston
represent hot and cold bodies used to

4 add and take away h
y heat.
I -
Q
Heat added = increase in internal
energy + work done by gas
Net work done
B C The net work done during a cycle
is the difference between the work
Gas gets hot so heat Gas gets cold so loses (l'J done by the gas and the work
i must have been added heat to surroundings isi
9 v done on the gas. This is equal to
Q the area enclosed by the cycle on

A D the PV diagram.
Heat lost = work done on
gas + loss in internal energy

gl
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Figure 3.42 The Carnot cycle.

Figure 3.43 The Carnot cycle in detail. ’

It is much easier to visualise what o
is happening if you look at a

simulation. To do this, visit
www.heinemann.co.uk/hotlinks,

enter the express code 4426P and

click on Weblink 3.3.

Figure 3.44 The reverse Carnot cycle. }

The heat pump O

A heat pump is used to extract
heat from the cold air outside and
give it to the inside of a house. It
works in exactly the same way as a
refrigerator.

The secret to the operation of all heat engines is that the gas is cooled down before
it is compressed back to its original volume. The cold gas is easier to compress
than a hot one so when the gas is hot it does work, but it’s reset when it’s cold.

The Carnot cycle

The Carnot cycle is a cycle of only isothermal and adiabatic changes as shown in
Figure 3.42. It might look more complicated than the previous example but in
terms of thermodynamics, it is simpler. In this cycle, work is done by the gas from
B to D and work is done on the gas from D to B. Since the work done by the gas
is greater, this cycle is operating as an engine. The details of this cycle are shown
in Figure 3.43, but the principle is the same as all engines; the piston pushes out
when the gas is hot and is pushed back in when it’s cold.

w

T
-
Q Isothermal
Work done by gas = heat gained

w
4

w
v

Adiabatic
Work done on gas makes it get hot

Adiabatic
Gas does work and cools down

w
¥
Q

L ¥ 1 isothermal

Work done on gas = heat lost

The reverse cycle
Let us consider what would happen if the Carnot cycle was operated in reverse.
The details of this are shown in Figure 3.44

w
v
B |
I?V Isothermal Q
Work done on gas = heat lost
w
Adiabatic v

Gas does work and it cools down

Adiabatic
Work done on gas makes it hot

w
T
A

Isothermal

Q Work done by gas = heat gained

The interesting thing about this cycle is that heat is lost to the hot body during
the isothermal compression (C to B) and gained from the cold body during the
isothermal expansion (A to D). So heat has been taken from something cold and
given to something hot. This is what a refrigerator does - it takes heat from the
cold food inside and gives it to the warm room. To make this possible, work must
be done on the gas (D to C) so that it gets hot enough to give heat to the hot body.



22 250 cm? of gas at 300K exerts a pressure of 100 kPa on its container; call this state A. It undergoes
the following cycle of transformations:
(i) an isobaric expansion to 500 cm? (state B)

(ii) an isochoric transformation to a pressure of 200 kPa (state C)

(iii) an isobaric contraction back to 250 cm? (state D)

(iv) an isochoric transformation back to state A.
(@) Sketch a PV diagram representing this cycle, labelling the states A, B, Cand D.
(b) Use the ideal gas equation to calculate the temperature at B, Cand D.
(c) Calculate the amount of work done by the gas.
(d) Calculate the amount of work done on the gas
(e) What is the net work done during one cycle?

23 Figure. 345 represents a Carnot cycle. PA
The areas of the coloured regions are as follows

A-50J
B-45)
C-40J
D-35J
E-150J

If the cycle is performed clockwise, how much work is done:
(@) during the isothermal expansion?

(b) during the adiabatic compression?

(c) by the gas?

(d) onthe gas?

(e) intotal?

Y

Figure 3.45

@ The second law of thermodynamics

Assessment statements

10.3.1 State that the second law of thermodynamics implies that thermal
energy cannot spontaneously transfer from a region of low
temperature to a region of high temperature.

10.3.2 State that entropy is a system property that expresses the degree of
disorder in the system.

10.3.3 State the second law of thermodynamics in terms of entropy changes.

10.3.4 Discuss examples of natural processes in terms of entropy changes.

- w
Isothermal expansions ?
When looking at examples of the first law of thermodynamics, we used
isothermal transformations as a simple example. However, if we look . %
at these processes closely we find that they are not possible. Consider a ° o ° ®e o

® [

gas enclosed by a piston shown in Figure 3.46 To enable this to expand oo . o e . o o
we could put the gas in contact with a hot source. Heat would then flow Se Sec ° o
into the gas increasing the KE of the molecules. The increased pressure o ° o of ° oo °
would then push the cylinder out doing work against the surroundings, — _
and the work done would cause the temperature of the gas to drop. For A

this expansion to be isothermal the temperature would have to stay constant. Figure 3.46
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The energy you give to the gas must be directly transferred to the piston without
increasing the average KE of the gas. The problem is that when the energy is given
to the gas molecules, the energy spreads out; this is because all the gas molecules
collide into one another. Once the energy is spread out it is impossible to get it

all back again. Imagine you are in a room full of perfectly elastic red balls that

are bouncing around the room in random motion. You are standing on one side
of the room and on the other side is a window. You want to open the window by
throwing one of the balls at it. The problem is that every time you throw the ball it
hits all the others, and the KE you give it is shared amongst all the other balls and
it never reaches its destination.

According to the first law, as long as energy is conserved, anything is possible; but
now we see that some things aren’t possible. So, to take into account the fact that
some things aren’t possible, we add the second law:

It is not possible to convert heat completely into work.

Absolute zero

There is one solution to this problem and you can work it out by considering the
situation in the room with the rubber balls. If you catch all the rubber balls and
put them on the floor you could then take one of the balls and throw it at the
window. It would now be able to fly across the room uninterrupted and push the
window open. In terms of the gas, this is equivalent to reducing the temperature to
zero kelvin, so according to our model, an isothermal expansion is only possible at
0 K. The problem of doing this in the room is that every time you catch a ball and
put it down it would get hit by one of the others. You would never be able to stop
all the balls, and for the same reason it is not possible to reach 0 K.

Implications of the second law

The second law does not only tell us that isothermal processes cannot take place
but it tells us something fundamental about how the physical world behaves.
Here are some examples.

Heat flows from hot to cold

If you have some hot gas next to a cold gas, the heat will always travel from

hot to cold, never the other way round. We can explain this by using the kinetic
model; the gas is made up of randomly moving particles that collide with each
other, and the hot gas has faster moving particles. When a fast particle hits a slow
one, energy is transferred from the fast one to the slow one, not the other way
around.

All the air in a room never goes out of the window

If you are sitting in a room with the window open, is it possible that suddenly all
the air molecules could fly out of the window leaving you in a room with no air?
Again, if we consider the kinetic model, all the particles are moving in random
motion, so for all the molecules to move out of the window, something would
have to push them in the same direction. Without that external force this cannot
happen.



Spreading out of energy

An alternative way of quoting the second law is to say that energy always spreads
out. This can be illustrated by considering molecules injected into a container with
identical velocity, as shown in Figure 3.47.
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Figure 3.47 Molecules start ordered but end up in
random motion.

After they have hit the walls they start to collide with each other. Once this
happens, the energy of the individual molecules changes; some will gain energy,
some will lose energy, and their motion changes from ordered to disordered. They
will never have the same energy again. This is the way of the universe; energy
always spreads out.

Entropy

The second law of thermodynamics is about the spreading out of energy. This can
be quantified by using the quantity entropy.

The change of entropy is AS, when a quantity of heat flow into a body at

temperature T is equal to %

AS =

~I0

The unit of entropy is JK™!.

For example, consider the situation of a 1 kg block of ice melting in a room that is
at a constant temperature 300 K. To melt the block of ice, it must gain 3.35 X 10°]
of energy. Ice melts at a constant 273 K so:

5
The gain in entropy of the ice = % =1.23 X 10°JK!
5
The loss of entropy by the room = % =1.12 X 10°JK!

We can see from this that the entropy has increased.

Entropy always increases in any transfer of heat since heat always flows from hot
bodies to cold bodies. We can therefore rewrite the second law in terms of
entropy.

In any thermodynamic process the total entropy always increases.
Entropy is a measure of how spread out or disordered the energy has become.

Saying entropy has increased implies that the energy has become more spread out.

Examples

Even though locally entropy can decrease, the total entropy of a system must
always increase. Sometimes it’s not so easy to see this, but remember it must always
happen.

To view the simulation ‘gas
properties; visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 3.4.

300K
3.35 X 10°J
273K
A
Figure 3.48
N
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The second law is a way of
describing the way the bodies in
the universe behave. It is often
said that something can't happen
because the second law says so,
but this isn't really true. Some
things don't happen because the
physical world simply isn't like
that, not because the law doesn’t
allow it.
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A falling stone

When a stone is held above the ground, all the molecules in the stone are lifted
to approximately the same height and therefore have the same PE; this energy
is very ordered. If the stone is dropped and hits the ground, this PE is converted
into thermal energy in the stone and ground. Each molecule will gain some PE
and some KE in a fairly random fashion. The energy is now disordered, and
entropy has increased. As time goes on, entropy continues to increase, as this
thermal energy spreads out in the ground. It is not possible to collect all this
energy back into the stone and have it thrown back into the air; this would be
against the second law.

The refrigerator

The food in a refrigerator gets cold. As things get cold, the molecules become
more ordered, and the entropy in the fridge therefore decreases. According to
the second law, entropy must always increase, so the room must gain heat.

The petrol engine

In a petrol engine, petrol is burnt to produce heat, which causes a gas to
expand, enabling it to do work. If the engine is used to lift a load then the
disordered energy in the hot gas has been converted to ordered energy in
the lifted load. According to the second law, entropy must increase, so there
must be some disorder created. When any engine is used, some heat is lost
to the surroundings, and this is where the disorder is created. From this we
can deduce that it is impossible to make an engine that does not give heat to
something cold; this means an engine can never be 100% efficient.

24 500 J of heat flows from a hot body at 400K to a colder one at 250 K.
(a) Calculate the entropy change in
(i) the hot body
(ii) the cold body.
(b) What is the total change in entropy?

25 Use the second law to explain why heat is released when an electric motor is used to lift a heavy
load.

Practice questions

1 This question is about the change of phase (state) of ice.

A quantity of crushed ice is removed from a freezer and placed in a calorimeter. Thermal
energy is supplied to the ice at a constant rate. To ensure that all the ice is at the same

temperature, it is continually stirred. The temperature of the contents of the calorimeter
is recorded every 15 seconds.

The graph at the top of the next page shows the variation with time t of the
temperature 6 of the contents of the calorimeter. (Uncertainties in the measured
quantities are not shown.)

(a) On the graph, mark with an X, the data point on the graph at which all the ice has
just melted. (1

(b) Explain, with reference to the energy of the molecules, the constant temperature
region of the graph. (3)
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The mass of the ice is 0.25 kg and the specific heat capacity of water is 4200 J kg=" K="
(c) Use these data and data from the graph to

(i) deduce that energy is supplied to the ice at the rate of about 530 W (3)
(ii) determine the specific heat capacity of ice (3)
(iii) determine the specific latent heat of fusion of ice. (2)

This question is about thermal physics.
(a) Explain why, when a liquid evaporates, the liquid cools unless thermal energy is
supplied to it. (3)
(b) State two factors that cause an increase in the rate of evaporation of a liquid. ~ (2)
(c) A mass of 350 g of water at a temperature of 25 °C is placed in a refrigerator that
extracts thermal energy from the water at a rate of 86 W.
Calculate the time taken for the water to become ice at —5.0 °C. (3)
Specific heat capacity of ice = 2.1 X 103 J kg=' K~!
Specific heat capacity of water = 4.2 X 10° J kg~ " K™
Specific latent heat of fusion of ice = 3.3 X 10°J kg™

Explain, in terms of the behaviour of the molecules of an ideal gas, why the pressure of
the gas rises when it is heated at constant volume. (3)

This question is about the phase (state) changes of the element lead.
A sample of lead has a mass of 0.50 kg and a temperature of 27 °C. Energy is supplied
to the lead at the rate of 1.5 kW. After 0.2 minutes of heating it reaches its melting
point temperature of 327 °C. After heating for a further 3 minutes, all the lead has
become liquid.
(a) Assuming that all the energy goes into heating the lead, calculate a value for the
(i) specific heat capacity of lead (3)
(ii) latent heat of fusion of lead. (2)
(b) Energy continues to be supplied to the lead. Sketch a graph to show how the
temperature of the lead varies with time from the start of heating to some
5 minutes after the time when all the lead has become liquid. Indicate on the graph
the time at which it starts to melt and the time when it has become liquid. (2)
(You are not expected to have accurate scales; this is just a sketch graph.)
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5 This question is about modelling the thermal processes involved when a person is running.
When running, a person generates thermal energy but maintains approximately constant
temperature.

(a) Explain what thermal energy and temperature mean. Distinguish between the two
concepts. (4)
The following simple model may be used to estimate the rise in temperature of a
runner, assuming no thermal energy is lost.
A closed container holds 70 kg of water, representing the mass of the runner. The
water is heated at a rate of 1200 W for 30 minutes. This represents the energy
generation in the runner.

(b) (i) Show that the thermal energy generated by the heater is 2.2 < 106 J. (2)
(ii) Calculate the temperature rise of the water, assuming no energy losses from
the water. (3)
The specific heat capacity of water is 4200 J kg=" K=",

(c) The temperature rise calculated in (b) would be dangerous for the runner. Outline
three mechanisms, other than evaporation, by which the container in the model
would transfer energy to its surroundings. (6)

(d) A further process by which energy is lost from the runner is the evaporation of sweat.
(i) Describe, in terms of molecular behaviour, why evaporation causes cooling. (3)
(i) Percentage of generated energy lost by sweating: 50%
Specific latent heat of vaporization of sweat: 2.26 X 100 kg~
Using the information above, and your answer to (b) (i), estimate the mass of sweat

evaporated from the runner. (3)
(iii) State and explain two factors that affect the rate of evaporation of sweat from
the skin of the runner. (4)

6 A gas is contained in a cylinder fitted with a piston as shown below.

piston
gas ——————

When the gas is compressed rapidly by the piston, its temperature rises because the
molecules of the gas
A are squeezed closer together.
B collide with each other more frequently.
C collide with the walls of the container more frequently.
D gain energy from the moving piston. (1)

7 The Kelvin temperature of an ideal gas is a measure of the
A average speed of the molecules.
B average momentum of the molecules.
C average kinetic energy of the molecules.
D average potential energy of the molecules. (1)

8 The temperature of an ideal gas is reduced. Which one of the following statements is true?
A The molecules collide with the walls of the container less frequently.
B The molecules collide with each other more frequently.
C The time of contact between the molecules and the wall is reduced.
D The time of contact between molecules is increased. (1)




9 When a gas in a cylinder is compressed at constant temperature by a piston, the
pressure of the gas increases. Consider the following three statements.
| The rate at which the molecules collide with the piston increases.
Il The average speed of the molecules increases.
[l The molecules collide with each other more often.

Which statement(s) correctly explain the increase in pressure?

A lonly

B llonly

C land Il only

D landlll only (1)

10 The graph below shows the variation with volume of the pressure of a system.

5_
N Q
3_
pressure/X 10°Pa
2_
Ly R P
0 T T T T T 1
0 1 2 3 4 5 6
volume/m?

The work done in compressing the gas from R to P is

A 5.0 X 10%). B 45X 10°).

C 3.0x10°J. D 0. (1)

© International Baccalaureate Organisation

11 This question is about the thermodynamics of a heat engine.

In an idealized heat engine, a fixed mass of a gas undergoes various changes of
temperature, pressure and volume. The p—V cycle (A—B—C—D—A) for these changes
is shown in the diagram below.

pressure p/X 10°Nm~—24
A D
Smpe======
L) D! 'C
2.0 10.0

volume V/m?3

(a) Use the information from the graph to calculate the work done during one cycle. (2)
(b) During one cycle, a total of 1.8 X 10°) of thermal energy is ejected into a cold
reservoir. Calculate the efficiency of this engine. (2)
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(c) Using the axes below, sketch the p—V/ changes that take place in the fixed mass of
an ideal gas during one cycle of a Carnot engine. (Note this is a sketch graph — you
do not need to add any values.)

pressure p A

3
»

volume V (2)

(d) (i) State the names of the two types of change that take place during one cycle

of a Carnot engine. (2)
(ii) Add labels to the above graph to indicate which parts of the cycle refer to
which particular type of change. (2)

(Total 10 marks)
© International Baccalaureate Organisation

12 This question is about thermodynamic processes.
(@) Distinguish between an isothermal process and an adiabatic process as applied to
an ideal gas. )
An ideal gas is held in a container by a moveable piston and thermal energy is supplied
to the gas such that it expands at a constant pressure of 1.2 X 10° Pa.

thermal energy ——> 1 piston

The initial volume of the container is 0.050 m? and after expansion the volume is
0.10 m?. The total energy supplied to the gas during the process is 8.0 X 103 ).

(b) (i) State whether this process is either isothermal or adiabatic or neither. )
(ii) Determine the work done by the gas. )

(iii) Hence calculate the change in internal energy of the gas. (2)

)

(Total 6 marks
© International Baccalaureate Organisation

(1
(1

13 This question is about a heat engine.

A certain heat engine uses a fixed mass of an ideal gas as a working substance. The
graph opposite shows the changes in pressure and volume of the gas during one cycle
ABCA of operation of the engine.

(@) For the part A — B of the cycle, explain whether
(i) work is done by the gas or work is done on the gas. (1)
(ii) thermal energy (heat) is absorbed by the gas or is ejected from the gas to
the surrounding. (1)
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(b) Calculate the work done during the change A — B. (2)
(c) Use the graph to estimate the total work done during one cycle. (2)
(d) The total thermal energy supplied to the gas during one cycle is 120 kJ.
Estimate the efficiency of this heat engine. (2)

(Total 8 marks)
© International Baccalaureate Organisation

14 This question is about p—V diagrams. The graph below shows the variation with volume
of the pressure of a fixed mass of gas when it is compressed adiabatically and also when
the same sample of gas is compressed isothermally.

7.0 1
c
6.0
5.0 B
pressure/X 10°Pa
4.0 1
3.0
2.0 T T T |A 1
1.0 2.0 3.0 4.0 5.0 6.0

volume/X 1073 m?

(a) State and explain which line, AB or AC, represents the isothermal compression. (2)
(b) On the graph, shade the area that represents the difference in work done in the

adiabatic change and in the isothermal change. (1)
(c) Determine the difference in work done, as identified in (b). (3)
(d) Use the first law of thermodynamics to explain the change in temperature during

the adiabatic compression. (3)

(Total 9 marks)
© International Baccalaureate Organisation
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© Simple harmonic
MOotioNn and waves

Kinematics of simple harmonic
motion

Assessment statements

4.1.1 Describe examples of oscillations.

4.1.2 Define the terms displacement, amplitude, frequency, period and
phase difference.

4.1.3 Define simple harmonic motion (SHM) and state the defining equation
asa = —w.

4.1.4  Solve problems using the defining equation for SHM.

4.1.5 Apply the equations v = v, sin wt, v = vycos wt, v = Twy/ (x> — x?),
X = X oS wt and x = X, Sin wt as solutions to the defining equation for
SHM.

4.1.6 Solve problems, both graphically and by calculation, for acceleration,
velocity and displacement during SHM.

A swing is an example of oscillatory
motion.

v
Oscillations

In this section we will derive a mathematical model for an oscillating or vibrating
body. There are many different examples of naturally occurring oscillations but
they don’t all have the same type of motion. We are going to consider the simplest
form of oscillation: simple harmonic motion. The most common example of

this is a pendulum (Figure 4.1). Before we start to model this motion, we need to
define some new terms and quantities.

Figure 4.1 The simple ’
pendulum swings from A
to B and back.

bob

(O R T

|




Cycle

One cycle is defined as one complete oscillation of the pendulum (A-B-A). The
term cycle is also used to describe circular motion; one cycle is one complete circle
or 27r radians.

Equilibrium position

The equilibrium position is the position where the pendulum bob would rest if
not disturbed — this is position O.

Amplitude (x,)
The amplitude is defined as the maximum displacement from the equilibrium
position, this is distance OB or OA.

Unit: metre

Time period (T)

The time period is the time taken for one complete cycle.

Unit: second

Frequency (f)

The frequency is the number of cycles that the pendulum makes per unit time.
This is equal to 1/time period.

Unit: s~ ! or hertz (Hz)

Angular frequency (w)

The angular frequency is found by multiplying f by 277 (w = 2rf ). This quantity
is normally used when describing circular motion. An angular frequency of

1

27rradss™! means that a body makes one revolution per second. However, it is

also used to describe an oscillation, 277 being equivalent to one complete cycle.

Unit: s™! or hertz (Hz)

Worked example

A pendulum completes 10 swings in 8 s. What is the angular frequency?

Solution
There are 10 swings in 8 seconds, so each swing takes 0.8 s.

Time period = 0.8s.

Frequency = %: % =1.25Hz

Angular frequency o = 277f = 27 X 1.25 = 7.8 rad s™!

O Measuring time period

To reduce the uncertainties when
measuring the time period of an
oscillation, it is best to measure

the time for many oscillations e.g.
10. The time period is found by
dividing this time by the number of
oscillations.




Figure 4.2 As the angle increases,
the horizontal component of tension
increases, but is always pointing
towards the centre.

Figure 4.3 The tension increases as
the spring is stretched. The resultant
(red) increases with increased distance
from the centre and is always directed
towards the centre.

>

>

Simple harmonic motion and waves

Analysing oscillations

To make a model of oscillatory motion, we will analyse two different oscillations
and see if there are any similarities.

The pendulum

L ~J

When a pendulum bob is pushed to one side and released, it will swing back down.
The reason for this can be understood by drawing the forces acting on the bob. In
Figure 4.2, we can see that when the string makes an angle to the vertical, the tension
has a component in the horizontal direction; this component causes the bob to
accelerate back towards the middle. As the bob swings down, the angle of the string
gets smaller, and the horizontal component decreases. The horizontal acceleration of
the bob is proportional to the horizontal force, so we can therefore deduce that the
horizontal acceleration is proportional to the displacement from the lowest point.

When the ball reaches the lowest position, it is travelling at its maximum speed.

It passes through this position and continues to swing up on the other side. The
horizontal component of the tension is now acting in the other direction. This is
in the opposite direction to the motion so will slow the bob down. We can conclude
that no matter where the bob is, its acceleration is always directed towards O.

Mass on a spring

If a mass hanging on the end of a spring is lifted up and released, it will bounce up
and down as in Figure 4.3. The forces acting on the mass are weight and the tension
in the spring. The weight is always the same but the tension depends on how far the
spring is stretched. (When you stretch a spring, the tension is proportional to the
extension).



At A, the spring is short, so the tension will be small; the weight will therefore be
bigger than the tension, so the resultant force will be downwards.

As the mass passes through the middle point, the forces will be balanced.

At B, the spring is stretched, so the tension is large; the tension will therefore be

greater than the weight, so the resultant force will be upwards. SHM

The acceleration is proportional to
the distance from a fixed point.

The acceleration is always directed
towards a fixed point.

Again we can see that the acceleration is proportional to the displacement from
the central point and always directed towards it.

This type of motion is called simple harmonic motion or SHM.

1 State whether the following are examples of simple harmonic motion.

a) b)
Figure 4.4

(a) Aball rolling up and down on a track (Figure 4.4a).

(b) A cylindrical tube floating in water when pushed down and released (Figure 4.4b).
(c) A tennis ball bouncing back and forth across the net.

(d) Abouncing ball.

2 A pendulum completes 20 swings in 12 s. What is
(@) the frequency?
(b) the angular frequency?

Graphical treatment

To analyse the oscillation further, we can plot graphs for the motion. In this
example, we will consider a mass on a spring, but we could choose any simple
harmonic motion.

< Figure 4.5 You can plot a
displacement—time graph by attaching
a pen to a pendulum and moving paper
beneath it at a constant velocity.
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Displacement-time
To see how the equation fits the O

graph we can put some numbers As before, O is the equilibrium position and we will take this to be our position of

into the equation. zero displacement. Above this is positive displacement and below is negative.
In this example, the time period = 4 . . .
Therefore f= 1 = 025 Hz At A, the mass has maximum positive displacement from O.

Angular frequency = 2arf = 0.5
So displacement = 2 cos (0.57rt)
Calculating displacement at
different times gives:
t=1sy=2cos(m2)=0cm We can see that the shape of this displacement—time graph is a cosine curve.
t=2sy=2cos(m) = —2cm
t=3sy=2cos(3m/2) =0cm
t=4sy=2cos(2m) =2cm

At O, the mass has zero displacement from O.

At B, the mass has maximum negative displacement from O.

displacement/cm

2 [
\ /\ /1
0 Y (0]
2 4

Figure 4.6 Displacement-time graph. }

The equation of this line is x = x, cos wt,

where x; is the maximum displacement and w is the angular frequency.

Velocity-time

From the gradient of the displacement—time graph (Figure 4.6), we can calculate
the velocity.

At A, gradient = 0 so velocity is zero.
At O, gradient is negative and maximum, so velocity is down and maximum.

At B, gradient = 0 so velocity is zero.

Figure 4.7 Velocity—time graph. }

velocity

The equation of this line is v = — v, sin wt where v, is the maximum velocity.




Acceleration-time

From the gradient of the velocity—time graph (Figure 4.7) we can calculate the
acceleration.

At A, the gradient is maximum and negative so acceleration is maximum and
downwards.

At O, the gradient is zero so acceleration is zero.

At B, the gradient is maximum and positive so the acceleration is maximum and

upwards.
< Figure 4.8 Acceleration-time graph.
acceleration 4
B B *aol A
/\ /\ O
/ O vo Y}
+a,
TR,

A A
The equation of this line is a = —a, cos wt where g, is this maximum acceleration.
So x = x,cos wtand a = —a,cos wt

When displacement increases, acceleration increases proportionally but in a
negative sense; in other words: a « —x

We have confirmed that the acceleration of the body is directly proportional to the
displacement of the body and always directed towards a fixed point.

Worked example

A mass on a spring is oscillating with a frequency 0.2 Hz and amplitude 3.0 cm.
What is the displacement of the mass 10.66 s after it is released from the top?

Solution
X = X, COS wt. Since this is SHM
where x = displacement
X, = amplitude = 3 cm
w = angular velocity = 27f= 27 X 0.2

= 047 Hz Radians
) When calculating cos wt, you must
t = time = 10.66s have your calculator set on radians.
x = 0.03 X cos (0.47 X 10.66) Substituting into the formula
x=0.02m
=2cm

3 For the same mass on a spring in the example above, calculate the displacement after 1.55s.
Draw a displacement time sketch graph for this motion.

5 Along pendulum has time period 10s. If the bob is displaced 2 m from the equilibrium position
and released, how long will it take to move 1 m?

6 Asa mass on a spring travels upwards through the equilibrium position, its velocity is 0.5 m s~
If the frequency of the pendulum is 1 Hz what will the velocity of the bob be after 0.5 s?




Figure 4.9 A short time after the ball
starts moving, the radius makes an
angle @ with the horizontal. | 4

Figure 4.10 When ’
a ball moving in

a circle is viewed

from the side,

it looks like it is

moving with SHM.

Figure 4.11 From the triangle we can }
see that the horizontal displacement

X = X,COS 0.
Figure 4.12 Horizontal velocity }
vectors.
_ distance
Speed, v = e O
_ circumference
time period
_2mr
T
But 27_—77 =w
So speed = wr
2
Centripetal acceleration = VT
_w’r’
T
= w’r

Figure 4.13 Horizontal acceleration }
vectors.

If you have done differentiation in O
maths then you will understand
that if

displacement x = x, cos wt

then velocity % = —Xow sin wt

dx
and acceleration, == = —x,w? COSs wt
dr? 0
This implies that a = —w’x

This is a much shorter way of
deriving this result!

Simple harmonic motion and waves

SHM and circular motion

- If we analyse the motion of the ball in
R Figure 4.9, we find that it is also SHM.
/ . The ball is travelling in a circle of radius
! X, with a constant speed v. The ball takes
ey a time T to complete one revolution.

S Let us consider the horizontal
T component of motion. We can write

viewed from here equations for this component.

Displacement
Xo
Xo Sin 0
0
X cos 0
Velocity )
vsin 6
0
v
D v vcos 6
Xo
0
0
The horizontal velocity = —vsin 0

But for circular motion v = wr so in this case v = wx;

So horizontal velocity = — wx, sin 0

Acceleration

When bodies travel in a circle, they have an acceleration towards the centre (the
centripetal acceleration) a = w?r. In this case, acceleration is w?x, since the radius

is x,.
a acos 6
0
asin6
o
Horizontal component of acceleration = —a cos 6
But a = w’x,
So horizontal acceleration = —w? x, cos 6

Now we have found that the displacement x = x cos
So acceleration= —w?x
So the horizontal acceleration is proportional to the displacement, and is always

directed towards the centre. In other words, the horizontal component of the
motion is SHM. We have also found out that the constant of proportionality is w?.

Now we have concluded that this motion is SHM we can use the equations that we
have derived to model all simple harmonic motions.



Equations for SHM
Displacement = x,cos wt (1)
Velocity = — wx;sin wt (2)
Acceleration = — w?x, cos wt (3)
We also know that a = —w’x

From Pythagoras, 1 = sin? 6 + cos® 0

So,sin @ =1 — cos? 0 Rearranging
Therefore sin wt = V1 — cos? wt
Multiplying by w gives wx, sin wt = wx, V1 — cos? wt
WX, sin wt = wm

But from equation (1) x,? cos® wt = x*

Sov = w/x? — x?

The maximum velocity is when the displacement is 0 so x = 0

Substituting for 8 = wt

Taking x, into the square root

Substituting

Maximum velocity = wx

Worked example

1 A pendulum is swinging with a frequency of 0.5 Hz. What is the size and
direction of the acceleration when the pendulum has a displacement of 2 cm to
the right?

2 A pendulum bob is swinging with SHM at a frequency of 1Hz and amplitude
3 cm. At what position will the bob be moving with maximum velocity and
what is the size of the velocity?

Solution
1 Assuming the pendulum is swinging with SHM, then we can use the equation
a = w?xto calculate the acceleration.

w=2mf=2mX05=m
a= —m%*X0.02=—0.197ms 2 Since —ve direction is to the left

2 v= ol =R

This is maximum when x = 0

Since the motion is SHM
This is when the pendulum swings through
the central position

The maximum value = wx, where w = 27f=2 X 77X 1 = 27rrads™!

Maximum v = 27 X 0.03 = 0.188 m s~ !

7 Along pendulum swings with a time period of 5s and an amplitude of 2 m.
(@) What is the maximum velocity of the pendulum?
(b) What is the maximum acceleration of the pendulum?

8 A masson a spring oscillates with amplitude 5 cm and frequency 2 Hz. The mass is released from
its highest point. Calculate the velocity of the mass after it has travelled Tcm.

9 A body oscillates with SHM of time period 2 s. What is the amplitude of the oscillation if its
velocity is 1 ms™! as it passes through the equilibrium position?

Summary

If a body oscillating with SHM has
an angular frequency w = 2arfand
amplitude x, then its displacement
(%), velocity (v) and acceleration

(a) at any given time can be found
from the following equations:

X = X, COS wt

V= —Xowsin wt

a = —wX, oS wt

In addition, at a given displacement
x, the velocity and acceleration

can be found from the following
equations:

V= wyfx — X

Maximum velocity = wx,
a=—wx

The real pendulum

The pendulum is a classic example
of SHM. However it is only SHM if
the swings are very small (less than
10°). This is worth remembering if
you ever do an experiment with a
real pendulum.
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Energy changes during simple
harmonic motion (SHM)

Assessment statements

4.2.1 Describe the interchange between kinetic energy and potential energy
At the top of the during SHM.
swing the mass 4.2.2 Apply the expression £ = %mwz(xo2 — x?) for the kinetic energy of a
gzzmﬁ:mtm EE particle undergoing SHM, E; = %mwzxo2 for the total energy and

Ep = Ime?x? for the potential energy.

4.2.3 Solve problems, both graphically and by calculation, involving energy

Q changes during SHM.

At the bottom of
the swing the mass

has maximum KE If we once again consider the simple pendulum, we can see that its energy changes
and minimum PE. as it swings.
A

Figure 4.14 In the simple pendulum,
energy is changing from one form to

another as it moves. Kinetic energy

We have already shown that the velocity of the mass is given by the equation

V= wyx? — X
From definition, KE = %mvz

Substituting: KE = %m(uz(xo2 — x?)
KE is a maximum at the bottom of the swing where x = 0.

SOoKE, ., = %mwzxﬁ2
To view the PhET Masses and o
springs simulation, visit heinemann.
co.uk/hotlinks, enter the express
code 4426P and click on Weblink

At this point the PE is zero.

4.1.

Total energy

The total energy at any moment in time is given by:
total energy = KE + PE

So at the bottom of the swing:

total energy = smaw’x,> + 0 = 2mw’x,?

Since no work is done on the system, according to the law of conservation of
energy, the total energy must be constant.

So total energy = %mwzxo2

Potential energy

Potential energy at any moment = total energy — KE
So PE = %mwzxoz — %m(uz(xo2 — x?)

PE = 1maw’x®




Solving problems graphically

Kinetic energy
From previous examples we know that the velocity, v = —v; sin wt

1 1 .
So ymy? = smy,* sin® wt

max KE
(0) (0] (0)
KE
8 A 5 B 0] A
A
zero KE -
time
Potential energy
The graph of PE can be found from PE = 1 ma’x®
Since x = x, cos wt
PE = Imw*xy* cos® wt = 1mv,* cos® wt
max PE
A B A B
PE
() () )
zero PE -
time

Total energy

If these two graphs are added together it gives a constant value, the total energy.
(This might remind you of Pythagoras: 1= cos*6 + sin®6.)

total energy
kinetic energy

potential energy —|

time

o

The kinetic energy is a maximum
when the bob is travelling fastest;
this is at the bottom of the swing.
At the top of the swing, the bob is
stationary, so the KE is zero.

‘ Figure 4.15 The graph of KE vs time is
asin’curve.

Potential energy

The potential energy is a minimum
when the bob is at its lowest point;
we take this to be zero. At the top
of the swing, the potential energy
is a maximum value.

4 Figure 4.16 The graph of PE vs time is
a cos’ curve.

Total energy

If no energy is lost then the total
energy is a constant value. When
the bob is swinging, the energy
continually changes between
kinetic and potential.

4 Figure 4.17 Total energy vs time.
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Worked example

1 A pendulum bob of mass 200 g is oscillating with amplitude 3 cm and
frequency 0.5 Hz. How much KE will the bob have as it passes through the

origin?
Solution
1 Since the bob has SHM, KE, .= %rn(uzxo2

where x;, = 0.03mand w = 27wf=2w X 0.5=7
KE . = 3 X 0.2 X 72 X (0.03)>= 8.9 X 107*]

O Forced oscillations and resonance

Assessment statements

4.3.1 State what is meant by damping.

4.3.2 Describe examples of damping.

4.3.3 State what is meant by natural frequency of vibration and forced
oscillations.

4.3.4  Describe graphically the variation with forced frequency of the
amplitude of vibration of an object close to its natural frequency of
vibration.

4.3.5 State what is meant by resonance.

4.3.6 Describe examples of resonance where the effect is useful and where it
should be avoided.

Damping

When deriving the equations for KE and PE, we assumed that no energy was lost.
In real oscillating systems there is always friction and sometimes also air resistance.
The system has to do work against these forces resulting in a loss of energy. This
effect is called damping.

The suspension of a car. The damper is 4 A car suspension system has
the red telescopic part. many springs between the body

and the wheels. Their purpose is
to absorb shock caused by bumps
in the road.

The car is therefore an oscillating
system that would oscillate up
and down every time the car
went over a bump. As this would
be rather unpleasant for the
passengers, the oscillations are
damped by dampers (wrongly
known as shock absorbers).




Light damping

If the opposing forces are small, the result is a gradual loss of total energy. This
means that the amplitude of the motion gets slowly less with time. For example,
a mass on a spring hanging in the air would have a little damping due to air
resistance.

! ‘ Figure 4.18 Reduction in amplitude
| due to light damping.
displacement -
| Frequency of damped harmonic
motion

You can see from the graph that
the frequency does not change
as the amplitude gets less. As the
motion slows down, the distance
travelled gets less, so the time for
If the mass is suspended in water, the damping is greater, resulting in a more rapid each cycle remains the same.

T
time

loss of energy.

E ‘ Figure 4.19 Reduction in amplitude
due to heavier damping.
displacement -

water

L 1
time

Critical damping
Critical damping occurs if the resistive force is so big that the system returns to

its equilibrium position without passing through it. This would be the case if the
mass were suspended in a thicker liquid such as oil.

4 Figure 4.20 Reduction in amplitude
due to critical damping.

equilibrium position

displacement -

T
time




A
It's possible to shatter a wine glass if you
sing at its natural frequency.

free oscillation

Mass oscillates at
frequency f,.

VAN,

Figure 4.21 The effect of varying
driving frequency.

The radio tuner O

When you tune your radio, you

are adjusting an electric circuit so
that it resonates with the signal

of a particular frequency. If the
resonance curve for the circuit
were not sharp, you would be able
to tune into the station over a wide
range of frequencies, and would be
likely to get interference from other
stations.

Figure 4.22 Graph of amplitude ’

vs frequency for different levels of
damping.

Simple harmonic motion and waves

Resonance

In all of the previous examples, a system has been
displaced and released, causing an oscillation. The
frequency of this oscillation is called the natural
frequency. If a system is forced to oscillate at a
frequency other than the natural frequency, this is
called a forced oscillation.

Resonance is an increase in amplitude that occurs when
an oscillating system is forced to oscillate at its own
natural frequency.

For example, when you hit a wine glass with your
finger, it vibrates. If you sing at the same frequency,
your voice can cause the wine glass to resonate. Sing
loud enough and the wine glass will shatter (not many
people can do this).

If a spring is pulled down and released, then it will oscillate at its own natural
frequency. If the support is oscillated, then the system will be forced to vibrate at
another frequency. If the driving frequency is the same as the natural frequency,
then resonance occurs.

forced oscillation resonance

| |

System driven at
frequency f, causes
large amplitude
oscillation.

System driven at
frequency f
causes mass to
oscillate.

R A

Resonance curve

A graph of the amplitude of oscillation against the driving frequency is called a
resonance curve. The sharpness of the peak is affected by the amount of damping
in the system.

amplitude A

Curve with little damping

Curve with much damping

3
»

frequency



Phase

If we take two identical pendulum bobs, displace each bob to the right and release
them at the same time, then each will have the same displacement at the same
time. We say the oscillations are in phase. If one is pulled to the left and the other
to the right, then they are out of phase.

‘ Figure 4.23 The pendulum bobs are
in phase when they swing together.

in phase out of phase

«—  —

This can be represented graphically:

displacement /\ A | Figure 4.24 Displacement—time
\/ time Aand B represent graphs for bodies in and out of phase.
motions that are
/‘\ B in phase.
\/ tiMme " BandcC represent Riding a horse
motions that are When riding a horse it is important
/‘C\ out of phase. to stay in phase with the horse.
\_/ time If you are out of phase, then you

will be coming down when the
horse is going up, resulting in an
uncomfortable experience. If the

Phase difference horse goes up and down too fast,
then it can be very difficult to stay

The phase difference is in phase. A mechanical horse is
represented by an angle (usually more difficult to ride; you can only
in radians). We can see from accelerate downwards at 9.8 ms—2,

so if the horse accelerates down
too fast then you can't keep up
with it.

the previous graphs that if two
oscillations are completely out
of phase then the graphs are
displaced by an angle 7. We say
the phase difference is .

‘ When juggling balls (or oranges) they
go up and down at different times —
they are out of phase.

Worked example

A ball is sitting on a platform oscillating with amplitude 1 cm at a frequency of
1 Hz. As the frequency is increased, the ball starts to lose contact with the platform.
At what frequency does this take place?

Solution
The ball will lose contact when the acceleration of the platform is greater than 9.8 ms™2.
Using the formula a = — w’x
® =v9.8/0.01 = 31.3 radss™!
=0 _
f= >y = O Hz




Figure 4.25 A photo gate is used to }
measure the time period of a vibrating
elastic string.

Figure 4.26 The maximum force gets ’
less as the amplitude gets less.

Simple harmonic motion and waves

Experimental measurement of oscillations

The frequency at which a child oscillates on a swing is low enough to measure using a
stopwatch (although to be accurate, you should use some sort of marker, so you can
easily judge when the child has made a complete cycle). Higher frequency oscillations
are not possible to measure in this way but can be measured using electronic sensors.
Here are some examples of how you could make those measurements.

Photo gate

A photo gate sends a signal to a computer each time something passes through
it. If a vibrating object passes through the gate each cycle then the computer can
calculate the time period of the oscillation.

The computer will record each time the string passes through the gate. The time
period is the time between the first pass and the third pass. Depending on the
software used, it may be possible for the computer to calculate and display the
frequency.

Force sensor

When a pendulum swings, the tension in the string varies with time. A force
sensor can be used to measure the tension, enabling you to plot a graph of tension
vs time on the computer. The frequency is calculated from the graph.

force
sensor

force

i

With this method it is also possible to see the damping of the motion.

Position sensor

To measure an oscillation using a position sensor, the oscillating body must move
backwards and forwards (or up and down) in front of the sensor. The sensor
sends out a sound that is reflected off the object back to the sensor. By measuring
the time taken for the sound to reflect back from the object, the computer can
calculate the distance between the sensor and the object. This method has the
advantage of not disturbing the motion, but the object must be big enough for the
sensor to detect it.



O Wave characteristics

Assessment statements

4.4.1 Describe a wave pulse and a continuous progressive (travelling) wave.

4.4.2 State that progressive (travelling) waves transfer energy.

4.4.3 Describe and give examples of transverse and of longitudinal waves.

4.4.4  Describe waves in two dimensions, including the concepts of
wavefronts and of rays.

4.45 Describe the terms crest, trough, compression and rarefaction.

4.4.6 Define the terms displacement, amplitude, frequency, period,
wavelength, wave speed and intensity.

4.4.7 Draw and explain displacement-time graphs and displacement —
position graphs for transverse and for longitudinal waves.

4.4.8 Derive and apply the relationship between wave speed, wavelength
and frequency.

4.49 State that all electromagnetic waves travel with the same speed in free
space, and recall the orders of magnitude of the wavelengths of the
principal radiations in the electromagnetic spectrum.

The word wave was originally used to describe the way that a water surface behaves
when it is disturbed. We use the same model to explain sound, light and many
other physical phenomena. This is because they have some similar properties to
water waves, so let’s first examine the way water waves spread out.

If a stone is thrown into a pool of water, it disturbs the surface. The disturbance
spreads out or propagates across the surface, and this disturbance is called a wave.
Observing water waves, we can see that they have certain basic properties (in other
words, they do certain things).

Reflection

If a water wave hits a wall, the waves reflect.

4 Sea waves reflect off a cliff.




Simple harmonic motion and waves

Refraction

When sea waves approach a beach, they change direction
because of the difference in height of different parts of the sea
floor. This causes the waves to bend.

Interference

When two waves cross each other, they can add together
creating an extra big wave.

Diffraction

When water waves pass through a small opening, the waves
spread out.

Anything that reflects, refracts, interferes and diffracts can also
be called a wave.

A
Waves change direction as they
approach a beach.

One-dimensional waves

The next step is to derive a model for wave motion and use it to help us
understand why waves behave in the way that they do. However, since water waves
are two-dimensional, they are not the easiest waves to start with. We will begin by
looking at two examples of one-dimensional waves: waves in a string and waves in
a spring.

To view the PhET Waves on a string Wave pUIse in a string

simulation, visit heinemann.co.uk/ If a string held between two people is displaced (flicked), a disturbance can be seen

hotlinks, enter the express code ..
PPN to travel from one end to the other. This is called a wave pulse.

—

Figure 4.27 A wave pulse. | 2 T\ Pulse travels with speed v

We can see that the pulse travels with a certain speed — this is called the wave
speed.

Wave speed is the distance travelled by the wave profile per unit time.

Note: No part of the string actually moves in the direction of the wave velocity —
in fact, each particle in the string moves at right angles to the direction of wave
velocity.

Reflection of a wave pulse

If the pulse meets a fixed end (e.g. a wall), it exerts an upward force on the wall.
The wall being pushed up, pushes back down on the string sending an inverted
reflected pulse back along the string.

Figure 4.28 A reflected pulse. }
fixed end

€—— — reflected pulse



Interference of wave pulses

If two pulses are sent along a string from each end, they will cross each other in the
middle of a string.

S TN

two pulses add

/.

S

two pulses cancel

Transfer of energy

It can be seen that as the string is lifted up it is given PE. This PE is transferred
along the string. A wave can therefore be thought of as a transfer of energy. There
is in fact so much energy transferred by waves in the sea that they can be used to
produce electricity.

Continuous waves in a string

wave direction ——

\/ A\
If the end of a string is moved up and down with simple harmonic motion of

frequency f, a series of pulses moves along the string in the shape of a sine curve, as
in Figure 4.30.

< Figure 4.30 The 'sine shape’or
profile moves along the string with
the wave speed.

| I crest | Figure 4.31 The quantities used
< A | /
| to define a wave.

[

A

v

%

trough ——

Transverse waves

direction of

) | Figure 4.32 Transverse wave
disturbance

wave direction

A wave in a string is an example of a transverse wave. The direction of
disturbance is perpendicular to the direction that the wave profile moves.

‘ Figure 4.29 The resultant wave is the
sum of the individual waves.

Since waves in a string do not
spread out, they cannot diffract or
refract. You would have to observe
the 2D equivalent, waves in a
rubber sheet, to see this.

Amplitude (A)

The maximum displacement of
the string from the equilibrium
position.

Wave speed (v)
The distance travelled by the wave
profile per unit time.

Wavelength (A)

The distance between two
consecutive crests or any two
consecutive points that are in phase.

Frequency (f)
The number of complete cycles
that pass a point per unit time.

Period (T)

Time taken for one complete wave
to pass a fixed point (T = 1/f)
Phase

The phase is a quantity that tells us
whether parts of a wave go up and
down at the same time or not.




Relationship between fand A
v="fA

If the frequency is fthen the time
for the wave to progress one cycle
is 1/f.In this time the wave has
moved forward a distance equal to
one wavelength (A).

Velocity = 7di§itr?$e
A
V=T A

Figure 4.33 The difference between
a compression wave in a spring and
the transverse wave in a string is the
direction of disturbance.

O

Simple harmonic motion and waves

Stringed instruments

When you pluck the string of a guitar, a wave reflects backwards and forwards
along the string. The vibrating string creates the sound that you hear. The pitch of
the note is related to the frequency of the string (high pitch = high frequency).

Why are the low notes thick strings?

The speed of the wave is inversely related to the mass per unit length of the
string. Thick strings have a greater mass per unit length, so the wave will travel
more slowly in a thick string. If we rearrange the formula v = fA, we find that
f= % so reducing the wave speed will reduce the frequency of the wave.

Why does shortening the string make the note higher?
Shortening the string reduces the wavelength of the wave. According to the
formula f = %, reducing the wavelength will increase the frequency.

Why does tightening the string make the note higher?

The wave speed is directly related to the tension in the string. Increasing tension
increases the wave speed, which, according to the formula f = %, will increase
the frequency of the wave.

Worked example

1 The A string of a guitar vibrates at 110 Hz. If the wavelength is 153 cm, what is
the velocity of the wave in the string?

2 A wave in the ocean has a period of 10 s and a wavelength of 200 m. What is the
wave speed?

Solution

1 v=1fA
f=110Hzand A = 1.53m
y=110 X 1.53ms!

® Examiner’s hint: Changecmtom.

=168.3ms !
2T=10s
f=1THz
= 0.1 Hz
v=fA
vy=10.1 X200ms™!
=20ms™!

Waves in a spring

If a long soft spring (a slinky) is stretched and one end moved back and forth, a
compression can be seen to travel along it. Although this may not look like a wave,
it is transferring energy from one end to the other and so fits the definition.

direction of

disturbance wave direction

| |
A
| |

compression




Longitudinal waves

d.irection of | Figure 4.34 Longitudinal wave.
dlstuLbance wave direction

A compression wave in a slinky is an example of a longitudinal wave. In a
longitudinal wave, the disturbance is parallel to the direction of the wave.

Reflection

When the wave in a spring meets a fixed end, it will reflect.

reflected wave
-~

< Figure 4.35 A wave inaspringis
reflected off a wall.

Earthquake waves

An earthquake is caused when parts
of the Earth’s crust move against

|| each other. This disturbance causes
both longitudinal and transverse
waves to spread around the Earth.

Transverse wave
When an earthquake occurs the
ground shakes up and down.

Longitudinal wave
The movement in the Earth's crust
compresses the rock.

O Light and sound

I £ Both light and sound are
nterference disturbances that spread out, so

Although not easy to observe, when two longitudinal waves meet, the can be thought of as waves. Light
can be polarized (for example, by

Polaroid sunglasses) but sound
cannot. This is one way to tell that
Distinguishing longitudinal and transverse light is transverse and sound is
longitudinal.

displacements superpose in the same way as transverse waves.

A wave is polarized if the displacement is only in one direction.

‘ Figure 4.36 A string wave can be
polarized by passing through a narrow
slit.

The string can only move up and down so a wave in this string will be polarized.
To test if the wave is polarized we can place another slit on the string; the wave
only passes if the slits are parallel. Only transverse waves can be polarized, so this
property can be used to tell if a wave is transverse or longitudinal.
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Graphical representation of a wave

There are two ways we can represent a wave graphically, either by drawing a
displacement—time graph for one point on the wave, or a displacement—position
graph for each point along the wave.

Figure 4.37 A snapshot of a transverse P> /_\ /\
wave. B
\\/ N\

Displacement-time
Consider point A on the transverse wave in Figure 4.37.

Point A is moving up and down with SHM as the wave passes. At present, it is at a
minimum of displacement. As the wave progresses past A, this point will move up
is time, the separation of the peaks

and then down.
3
{
represents the time period, not the

wavelength. <«—— time period ——>

Figure 4.38 The displacement- time | 2 displacement A
graph for point A.

Note: Because the horizontal axis —>
time

We can also draw a graph for point B. This point starts with zero displacement

AN

Note: The event that will happen O —>
next is to the right on the graph time
but the part of the wave that will

arrive next is to the left on the
wave.

then goes up.

Figure 4.39 The displacement-time | 2 displacement A
graph for point B.

Displacement-position

To draw a displacement—position graph, we must measure the displacement of all
the points on the wave at one moment in time.

Figure 4.40 shows the graph at the same time as the snapshot in Figure 4.37 was
taken. The position is measured from point O.

A -
\/ \/ position

This is just like a snapshot of the wave — however, depending on the scale of the

Figure 4.40 The displacement— > displacement A

position graph for all points at one time.

le—2>>—>

axis, it might not look quite like the wave.




Longitudinal waves

We can also draw graphs for a longitudinal wave. Consider a chain of balls
connected with springs. If the red ball on the left were moved back and forth with
SHM, it would send a longitudinal wave along the chain.

4 Figure 4.41 A line of balls joined by
springs.

Upper row: undisturbed position of balls | Figure 4.42 A snapshot taken as

. O O . O O . O O O O O . O O wave passes through the chain.
@000 O O @ O O 00080

Lower row: position of balls at an instant as wave passes

Each ball simply moves back and forth with SHM. Ball A is at present displaced to
the left. This ball has negative displacement.

Displacement-time

We can draw a displacement—time graph for ball A starting at the time of the
snapshot in Figure 4.42.

displacement A  Figure 4.43 The displacement-time

graph for point A.
amplitude

time

A

time period 1/f

Displacement-position

To draw a displacement—position graph, we must compare the position of each

ball with its original position. o To see an animated version of this,
visit heinemann.co.uk/hotlinks,
The red balls have not moved, so their displacement is 0. enter the express code 4426P and

o . . click on Weblink 4.3.
The blue balls have moved to the left, so their displacement is negative.

The yellow ball has moved to the right, so its displacement is positive.

[ HSONORON NON NONONONONCON NONONON NON NO) <Figure4.44Thedisplacement

position graph for all points on

00 @ O @ O 000000 @ O @ O thewae

zero ve zero +ve zero —ve zero
displacement

position
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Superposition of one-dimensional waves

When two waves are incident along the same string, we can find the resultant wave
by adding the individual displacements.

Figure 4.45 Superposition of waves. > constructive interference

/\ /\ Two in phase waves add
to give a wave of twice
\/ the amplitude.

destructive interference

/\ /\ Two out of phase waves
\/ cancel.

/\
AV

O Wave properties

Assessment statements

4.5.1 Describe the reflection and transmission of waves at a boundary
between two media.

4.5.2 State and apply Snell’s law.

4.5.3 Explain and discuss qualitatively the diffraction of waves at apertures
and obstacles.

4.5.4 Describe examples of diffraction.

4.5.5 State the principle of superposition and explain what is meant by
constructive interference and by destructive interference.

4.5.6 State and apply the conditions for constructive and for destructive
interference in terms of path difference and phase difference.

Ripples spreading out in a circle after 4.5.7  Apply the principle of superposition to determine the resultant of two
the surface is disturbed. waves
v

Two-dimensional waves

We will now use water waves to model the motion of
waves in 2D. If a disturbance is made by a point object in
the middle of a tank of water, ripples spread out in circles
across the tank. We will use pictures from a computer
simulation to show the effect more clearly.

Wavefront

This is a line joining points that are in phase. The straight
or circular lines that you can see in the photos are
wavefronts.




Rays

Rays are lines drawn to show the direction of the waves — they are always at right
angles to the wavefront.

Circular wavefronts

A circular wavefront is produced by a point disturbance. The rays are radial, as
they are perpendicular to the wavefronts.

Plane wavefront

Plane wavefronts are produced by an extended disturbance e.g. a long piece
of wood dipped into the water, or a point that is so far away that the circles it
produces look like straight lines.

To view the PhET simulation Wave
interference, visit heinemann.co.uk/
hotlinks, enter the express code
4426P and click on Weblink 4.4.

wavefront

7
N\

A

A
Figure 4.46 A circular wavefront
spreading out from a point.

ray wavefront
A
A Figure 4.47 Parallel plane wavefronts.

A plane wavefront moves towards the beach.
Reflection
When a wave hits a barrier, it is reflected.

< Figure 4.48 Reflection of a circular
wavefront.

circular wave progressing circular wave reflected off
towards barrier barrier

Notice how the reflected wave appears to originate from somewhere on the other
side of the barrier. This is just the same as the appearance of an image of yourself
behind a mirror.
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Figure 4.49 A plane wavefront is | 2 incident and reflected waves E

reflected at the same angle that it !

comes in at. :
angle of ; angle of
incidence . reflection

Rather than measuring the angle that the wavefront makes, it is more convenient
to measure the angles that the rays make with a line drawn at 90° to the barrier.
This line is called the normal.

The laws of reflection

The laws of reflection describe how waves are reflected from barriers.
The angle of incidence = the angle of reflection.
The incident and reflected rays are in the same plane as the normal.

Change of medium

Whenever a wave travels from one medium to another, part of the wave is reflected
and part transmitted. An example of this is when light hits a glass window: most
passes through but a fraction is reflected. So you see a reflection of yourself in the
window and someone standing on the other side of the window can see you. The
part of the wave that passes through the window is called the transmitted part.

To view screenshots showing the o RefraCtion

reflected and transmitted wave,
visit heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 4.5. down. If the wave hits the boundary between the media at an angle, then the wave

also changes direction.

When a wave passes from one medium to another, its velocity changes. For
example, when a water wave passes from deep water into shallow water, it slows

Figure 4.50 Refraction is the change | 2
of direction when a wave passes from

one medium to another. L
incident

deep deep
A
shallow shallow
refracted wave
T G e A T Point A on the incident wave hits the
refraction. boundary first, so this part of the wave
velocity v ; then progresses into the shallow water
1 | . .
-_—angle of incidence more slowly. The rest of the wave in

the deep water is still travelling fast

so catches up with the slow moving
part, causing the wavefront to change
direction. This is simpler to see if we
just draw the rays.

angle of refraction

velocity v,




Snell’s law
Snell’s law relates the angles of incidence and refraction to the ratio of
the velocity of the wave in the different media. The ratio of the sine of
the angle of incidence to the sine of the angle of refraction is equal to the
ratio of the velocities of the wave in the different media.

sini _ "1

sinr %2
As can be seen from the example of the bent straw in the photo, light

refracts when it passes from one medium to another. The ratio of the
velocity of light in the two media is called the refractive index.

A
Worked example Light reflected off the straw is refracted
. . . L as it comes out of the water causing the
A water wave travelling at 20 m s~ ! enters a shallow region where its velocity is straw to appear bent.

15ms~! (Figure 4.52). If the angle of incidence of the water wave to the shallow
region is 50°, what is the angle of refraction?

4 Figure 4.52 Always draw a diagram.

Refractive index

When light travelling in air is
refracted by an optical medium,
the ratio sin i/sin ris called the
refractive index of the medium.

If the refractive index is large it
means that the light is refracted by

alarge angle.
Material Refractive index
Water 1.33
Solution Glass 1.50
Diamond 242

sini _ " _ 20

sinr Y2 15

sin 50°
1.33

SO sin 1 = = 0.576 Applying Snell's law

r= 35.2°

Use the refractive indices in the table to solve the following problems.

10 Light travelling through the air is incident on the surface of a pool of water at an angle of 40°.
Calculate the angle of refraction.

11 Calculate the angle of refraction if a beam of light is incident on the surface of a diamond at an
angle of 40°.

12 If the velocity of lightin airis 3 X 102 ms™', calculate its velocity in glass.
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Diffraction

Diffraction takes place when a wave passes through a small opening. If the opening
is very small, then the wave behaves just like a point source as shown below.

Figure 4.53 If the opening is a bit }
bigger then the effect is not so great. / /ﬁ AN /\
TN RN

Water waves diffracting through two }
different sized openings. The waves are
diffracted more through the narrower
opening.

Interference

When two-dimensional waves interfere, the phase difference between the two
waves is different in different places. This means that in some places the waves add
and in other places they cancel. This can be seen in the picture below. This shows
two sources producing waves of the same frequency.

Figure 4.54 How phase difference is ’
related to path difference. /_\ /_\
A
\/ Wave A and B travel
the same distance so
/-\ /-\ are in phase.
B

Wave C travels half a
/_\ /_\ wavelength further
C than B so is out of
\/ \/ phase.

If the path difference is a whole number of wavelengths, then the waves are in
phase.

If the path difference is an odd number of half wavelengths then the waves are out

of phase.

The effect of interference in two dimensions can be seen in Figure 4.55.




o

Identical waves from A and B spread out across < Figure 4.55 Interference effects seen
the surface. At X, the waves from A and B have in the PhET simulation. To view this,
travelled the same distance, so are in phase and VT Inel e ey gl .6, emir
add together. AtY, the wave from B has travelled t/r\;;;xr:)kris;code 4426P and clickon
half a wavelength more then the wave from A,

so the waves are out of phase and cancel out.

Phase angle

If the waves are completely out of phase
then phase angle = .

If out of phase but not completely out of phase, then the phase angle can be

calculated from the path difference.

If path difference = d then phase angle ¢ = 2%1

Worked example

Two boys playing in a pool make identical waves that travel towards each other. Figure 4.56 A diagram always helps,
The boys are 10 m apart and the waves have a wavelength 2 m. Their little sister is no matter how silly it s.
swimming from one boy to the other. When she is 4 m from the first boy, will she v

be in a big wave or a small wave?

Solution

The waves from the boys will interfere when they meet, if the girl is 4 m from the
first boy, then she must be 6 m from the other. This is a path difference of 2 m, one 4m 6m
whole wavelength. The waves are therefore in phase and will add.

13 Two wave sources A and B produce waves of wavelength 2 cm. What is the phase angle between
the waves at
(@) apoint C distance 6 cm from A and 6.2 cm from B?
(b) apoint D distance 8 cm from A and 7 cm from B?
(c) apoint E distance 10cm from A and 11.5 cm from B?

Examples of waves

Light

It is worth having a more detailed look at the wave properties of light. We have
seen examples of how light reflects and refracts, and if light is a wave, then it must
also interfere and diffract.

Diffraction of light

We have seen that if a wave passes through an opening that is about the same size
as its wavelength then it will spread out. If a beam of light passes through a narrow
slit (close to the wavelength of light — around 500 nm), it will spread out.

Interference of light

Waves only interfere if they have the same frequency and similar amplitude. If we BT T e —

take a source of light and split it into two we can create two identical (or coherent) interference causes this pattern of dots
when laser light passes through a pair

wave sources. If the waves from these sources overlap, then areas of bright and
of narrow slits.

dark are created, where the waves interfere constructively and destructively.




Figure 4.57 The light passes through }
polaroids 1 and 2, which have the same
alignment, but not 3.

A

White light can be split up into its
component colours by passing it
through a prism.

When we say light is a wave we mean
it has the same properties as a wave.
Does this mean it actually is a wave?

O
]

To view the Phet sound waves
simulation, visit heinemann.co.uk/
hotlinks, enter the express code
4426P and click on Weblink 4.7.

@)
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Polarization

polaroid 3

polaroid 2

polaroid 1

When light passes through polaroid sunglasses, it becomes polarized in one
direction. We can test to see if the light is polarized by taking a second piece of
polaroid and rotating it in front of the sunglasses. As we rotate the polaroid we
find that the polarized light can only pass when the second piece is in the same
orientation as the first.

Wavelength and amplitude of light

Light is an electromagnetic (EM) wave; that is a propagation of
transverse disturbance in an electric and magnetic field. Unlike the
other types of waves considered here, EM waves can travel through a
vacuum. As with all waves, light waves have wavelength and amplitude.
The wavelength of light can vary from 400 nm to 800 nm, with different
wavelengths having different colours. White light is made up of all
colours mixed together, but if white light is passed through a prism, the
different colours are split up, forming a spectrum. This happens because
each wavelength refracts by a different amount, and therefore a different
angle. This is what happens when a rainbow is formed.

Visible light is just one small part of the complete EM spectrum. The
full range of wavelength is from 10~ "m to 10*m. Each part of the
spectrum has different properties and a different name, as illustrated in
the diagram below.

ultraviolet

: shortwave
gamma X-rays  |rays | infrared | radar  |FM| TV AM
rays rays

107 1072 107 108 10°¢ 10°* 1072 1 102 104

wavelength (metres)

The amplitude of light is related to its brightness. The brightness of light is how
we perceive light. The physical quantity that measures it is the light intensity. This
is proportional to the square of the amplitude.

The speed of EM waves in a vacuum is 2.99 X 108 ms™'.

Sound

Reflection

If you shout in front of a cliff, the sound reflects back as an echo. In fact any
wall is a good reflector of sound, so when speaking in a room, the sound is
reflected off all the surfaces This is why your voice sounds different in a room
and outside.



Refraction

When sound passes from warm air into cold air, it refracts. This is why sounds
carry well on a still night.

warm air 4 Figure 4.58 Sound refracts through
layers of air.

@ cold air &

listener sound source

The sound travels to the listener by two paths, one direct and one by refraction
through the layers of air. This results in an extra loud sound.

Diffraction and interference

Because sound reflects so well off all surfaces, it is very difficult to do sound
experiments in the laboratory. This makes it difficult to observe sound diffracting
and interfering.

4 A room with no echo is called an
anechoic chamber, and these rooms
are used for experimenting with sound

waves.
Sound spreads out when passing through small openings, around obstacles and
through doorways. However, the effects are often owing to multiple reflections
rather than diffraction. Sound
Sound waves Sound is created when the
cancel. T B pressure of air is is varied. This
) change in pressure spreads
microphone out as a longitudinal wave.
When a sound wave meets a
T A microphone, it causes it to vibrate.
The microphone then changes
I Sound waves this vibration to an electrical

add. signal that can be used to plot a
graph. The graph that we see is a

Figure 4.59 The microphone picks
up sound owing to diffraction.

Figure 4.60 Owing to interference,
the sound is loud at A but quiet at B.

Sound has the properties of a wave, so that means we can use our wave theory to

model sound. Sound is a propagation of disturbance in air pressure. Sound is an

example of a longitudinal wave. The speed of sound in air is 330 ms~1.

Frequency and amplitude of sound

Different frequency sound waves have different pitch (that is, a high note has a

high frequency). The loudness of a sound is related to the amplitude of the wave.

displacement-time graph.

VAR

low note high note
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O Standing (stationary) waves

To create standing waves in a string
using the PhET simulation ‘Waves
in strings, visit www.heinemann.
co.uk/hotlinks, enter the express
code 4426P and click on Weblink
438.

Figure 4.61 Two waves travel towards ’

each other.
—- .
A
W\/
R
1 1
24 2
<> ]
24 24
A

Figure 4.62 Reflected waves and
original wave cross each other.

Assessment statements

11.1.1 Describe the nature of standing (stationary) waves.

11.1.2 Explain the formation of one-dimensional standing waves.

11.1.3 Discuss the modes of vibration of strings and air in open and in closed
pipes.

11.1.4 Compare standing waves and travelling waves.

11.1.5 Solve problems involving standing waves.

If you take the end of a rope and flick it, you can create a wave pulse that travels
along the rope. When the wave gets to the end of the rope it reflects and a pulse
can be seen travelling back to your hand. If a continuous wave is sent along the
rope, the original wave and reflected wave superpose to produce a wave where the
peaks simply move up and down but do not progress along the rope. This is called
a standing wave. Standing waves occur whenever two identical waves travelling in
opposite directions superpose. Many musical instruments make use of standing
waves in strings or columns of air.

Formation of standing waves

Consider two identical waves travelling along a string in opposite directions as
shown in Figure 4.61.

As the waves cross each other we see that they are alternately in phase (adding up)
and out of phase (cancelling out). Figure 4.62 shows the two waves as they move
past each other. At first they are in phase but after each has travelled i A they are
out of phase, and after a further i A, they are in phase again. Note the position
marked with a red line; the waves add to form a peak, then add to form a trough.
The resulting wave has peaks that go up and down but do not progress. The
maximum and minimum displacements of the string are shown in Figure 4.63.
Notice that the amplitude is 2 X the amplitude of the component waves. There are
some places on the wave that don’t move at all; these are called nodes and the parts
with maximum amplitude are called antinodes.

Antinode < Figure 4.63

2A
Node




Differences between progressive
waves and standing waves

The most obvious difference between a wave that
travels along the rope and the standing wave is that
the wave profile of a standing wave doesn’t progress.
Secondly, all points in between two nodes on a
standing wave are in phase (think of the skipping
rope) whereas points on a progressive wave that

are closer than one wavelength are all out of phase
(think of a Mexican wave). The third difference is
related to the amplitude. All points on a progressive
wave have the same amplitude, but on a standing
wave some points have zero amplitude (nodes) and
some points have large amplitude (antinodes).

Stringed instruments

Many musical instruments (guitar, violin, piano) use stretched strings to produce
sound waves. When the string is plucked, a wave travels along the string to one of
the fixed ends. When it gets to the end, it reflects back along the string superposing
with the original wave; the result is a standing wave. The important thing to realise
about the standing wave in a stretched string is that since the ends cannot move,
they must become nodes, so only standing waves with nodes at the ends can be
produced. Figure 4.64 shows some of the possible standing waves that can be
formed in a string of length L.

1st harmonic

| A=2L
frequency = f,

2nd harmonic

A=1L
frequency = 2f;

3rd harmonic

_ 2
i=2L

As shown in the diagram, each of the possible waves is called a harmonic. The first
harmonic (sometimes called the fundamental) is the wave with the lowest possible

frequency. To calculate the frequency, we can use the formula f = % so for the first

harmonic:

For the second harmonic:

The wave velocity is the same for all harmonics, so we can deduce that f, = 2f,

o

4 The two ends of the skipping rope are
the nodes.

| Figure 4. 64 Standing waves in a
string.

Wave speed
The speed of a wave in a string is
given by the formula

-k
o

where T = tension and u = mass

per unit length.

This is why a thick guitar string is

a lower note than a thin one and

why the note gets higher when

you increase the tension.



Sound produced by the guitar O
Here we are focusing on the

vibrating string. The string will

cause the body of the guitar to

vibrate which in turn causes the

pressure of the air to vary. It is the
pressure changes in the air that

cause the sound wave that we hear.

Figure 4. 65 Frequency spectrum for }
a string.

Simple harmonic motion and waves

Playing the guitar

When the guitar string is plucked, it doesn’t just vibrate with one frequency but
with many frequencies. However the only ones that can create standing waves are
the ones with nodes at the ends (as shown in Figure 4.64). You can try this with a
length of rope; get a friend to hold one end and shake the other. When you shake
the end at certain specific frequencies you get a standing wave, but if the frequency
isn’t right, you don’t. This is an example of resonance; hit the right frequency and
the amplitude is big. So when the guitar string is plucked, all the possible standing
waves are produced. If the signal from an electric guitar pickup is fed into a
computer, the frequencies can be analysed to get a frequency spectrum. Figure 4.65
shows an example.

1.04
0.94
0.8
0.7 1
0.6
0.54
0.4+
0.3+
0.2+
0.1+

0 -
0 100 200 300 400 500 600 700 800
frequency/Hz

relative amplitude

You can see from this graph that the string is vibrating at 100 Hz, 200 Hz, 300 Hz
and so on. However, the largest amplitude note is the first harmonic (100 Hz) so
this is the frequency of the note you hear.

Playing different notes

A guitar has six strings. Each string is the same length but has a
different diameter and therefore different mass per unit length.
The wave in the thicker strings is slower than in the thin strings
s0, since = %, the thick strings will be lower notes.

To play different notes on one string, the string can be
shortened by placing a finger on one of frets on the neck of the
guitar. Since f= % the shorter string will be a higher note.

An alternative way to play a higher note is to play a harmonic;
this is done by placing a finger on the node of a harmonic
(e.g. in the middle for the second harmonic) then plucking
the string. Immediately after the string is plucked, the finger is
removed to allow the string to vibrate freely.

14 The mass per unit length of a guitar string is 1.2 X 10~>kg m~". If the tension in the wire is 40N,
(@) calculate the velocity of the wave
(b) calculate the frequency of the first harmonic if the vibrating length of the guitar string is
63.5cm.



Standing waves in closed pipes

When a sound wave travels along a closed pipe, it will reflect off the closed end.
The reflected wave and original wave then superpose to give a standing wave.

A sound wave is a propagation of disturbance in air pressure. The change in air
pressure causes the air to move backwards and forwards in the direction of the
propagation. If the end of the pipe is closed, then the air cannot move back and
forth so a node must be formed. This limits the possible standing waves to the
ones shown in Figure 4.66.

L 4 Figure 4.66 Standing wavesina
closed pipe.

A=aL

1st harmonic
Node | frequency = f;

_4
A=t

Antinode frequency = 3f,

3rd harmonic

. A=4L
5th harmonic 5
/ frequency = 5f,
1
These diagrams show how the displacement of the air varies along the length ak
of the pipe, but remember, the displacement is actually along the pipe not
perpendicular to it as shown. The frequency of each harmonic can be calculated
using f = %
For the first harmonic: A
v Figure 4.67 Remember this is
f1 = E of a wave. It can be useful to split

the harmonics into quarters when

For the next harmonic: determining the frequency.

fi = % = % = 3f, so this is the third harmonic.
3

So when a standing wave is formed in a closed pipe, only odd harmonics are
formed, resulting in the frequency spectrum shown in Figure 4.68.

1.0 4 Figure 4.68 Frequency spectrum for a
0.9 1 closed pipe.
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Standing waves in open pipes

If a wave is sent along an open-ended pipe, a wave is also reflected. The resulting
superposition of reflected and original waves again leads to the formation of a
standing wave. This time there will be an antinode at both ends, leading to the
possible waves shown in Figure 4.69.

Figure 4. 69 Standing waves in an ’ L
open pipe.

A=2L

1st harmonic frequency = f;

A=1L
2nd harmonic frequency = 2f;
_2
3rd harmonic A=3L

frequency = 3f;

This time all the harmonics are formed.

Wind instruments

All wind instruments (e.g. flute, clarinet, trumpet and church
organ) make use of the standing waves set up in pipes. The main
difference between the different instruments is the way that the
air is made to vibrate. In a clarinet a thin piece of wood (a reed) is
made to vibrate, in a trumpet the lips vibrate and in a flute, air is
made to vibrate, as it is blown over a sharp edge. Different notes
are played by opening and closing holes; this has the effect of
changing the length of the pipe. You can also play higher notes by
blowing harder; this causes the higher harmonics to sound louder,
resulting in a higher frequency note. If you have ever played the
recorder, you might have had problems with this — if you blow too

hard you get a high-pitched noise that doesn’t sound so good.
A

The speed of sound in airis 330ms~.

15 Calculate the first harmonic produced when a standing wave is formed in a closed pipe of length
50cm.

16 The air in a closed pipe in Figure 4.70 is made to vibrate by holding a tuning %
fork of frequency 256 Hz over its open end. As the length of the pipe is
increased, loud notes are heard as the standing wave in the pipe resonates
with the tuning fork.
(@) What is the shortest length that will cause a loud note?

(b) Ifthe pipe is 1.5 m long, how many loud notes will you hear as the
plunger is withdrawn?

Figure 4.70




O The Doppler effect

Assessment statements

11.2.1 Describe what is meant by the Doppler effect.

11.2.2 Explain the Doppler effect by reference to wavefront diagrams for
moving-detector and moving-source situations.

11.2.3 Apply the Doppler effect equations for sound.

11.2.4 Solve problems on the Doppler effect for sound.

11.2.5 Solve problems on the Doppler effect for electromagnetic waves using
the approximation Af = £f

11.2.6 Outline an example in which the Doppler effect is used to measure
speed.

If you have ever stood next to a busy road or even better, a racing track, you might When we say the source is moving
we mean that it moves relative to

the medium (air). The observer is at
rest relative to the medium.

have noticed that the cars sound different when they come towards you and when
they go away. It’s difficult to put this into words but the sound is something like
this “ececeeceececcoowwwwwwww”. The sound on approach is a higher frequency
than on retreat. This effect is called the Doppler effect, and can occur when the
source of the sound is moving or when the observer is moving, or when both
source and observer are moving.

Moving source

The change in frequency caused when a source moves is
due to the change in wavelength in front of and behind
the source. This is illustrated in Figure 4.71. You can see
that the waves ahead of the source have been squashed as
the source ‘catches up’ with them. The velocity of sound

is not affected by the movement of the source, so the N C
reduction in wavelength results in an increased frequency ©—r0

(v=1A).

The car in Figure 4.71 starts at the red spot and drives
forwards at speed v for t seconds producing a sound
of frequency f;. In this time ¢ the source produces f,t
complete waves (3% in this example).

ct— vt

Ahead of the car, these waves have been squashed into a
distance ct — vt so the wavelength must be ct

Alzct—vt:c—v A

fot ﬁ) Figure 4.71 The car starts from the
The velocity of these waves is ¢ so the observed frequency f; = = red spot and moves forward. The largest
c A circle is the wavefront formed when the
f1 = _C = _0 car began.
c—v ¢~V
fo

We could do a similar derivation for the waves behind the source. This time the
waves are stretched out to fit into a distance ct + vt. The observed frequency is
then

cfo

f;:c-l—v
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Moving observer

If the source moves at the speed of

sound the sound in front bunches If the observer moves relative to a stationary source the change in frequency
upto forhm g sk W?V‘; L= observed is simply due to the fact that the velocity of the sound changes. This is

t : . . . . .
causes the bang (sonic boom) because the velocity of sound is relative to the air, so if you travel through the air
you hear when a plane breaks the . o ] )
soume e towards a sound, the velocity of the sound will increase. Figure 4.72 illustrates the

effect on frequency of a moving observer.

Figure 4.72 ’

The relative velocity of the sound coming towards car 1 approaching the source is

(¢ + v) so the frequency, f; = < —; v
But A=<
fo

ctv
SO fi = (76)](0 (approaching)
For car 2, receding from the source

c—v

f, = (—C)ﬁ) (receding)

Worked example

A car travelling at 30 ms™! emits a sound of frequency 500 Hz. Calculate the
frequency of the sound measured by an observer in front of the car.

Solution

This is an example where the source is moving relative to the medium and the
observer is stationary relative to the medium. To calculate the observed frequency,
we use the equation

=2
boe=)
where fo = 500 Hz
c=330ms™!
y=30ms!
So fi= 433330(){53000 = 550 Hz

17 A person jumps off a high bridge attached to a long elastic rope (a bungee jump). As they begin
to fall they start to scream at a frequency of 1000 Hz. They reach a terminal velocity of 40 m s~'
on the way down and 30 m s~' on the way back up.

(a) Describe what you would hear if you were standing on the bridge.

(b) Calculate the maximum frequency you would hear from the bridge.

(c) Calculate the minimum frequency you would hear from the bridge.

(d) What would you hear if you were standing directly below the bungee jumper?




18 The highest frequency you can hear is 20 000 Hz. If a plane making a sound of frequency 500 Hz
went fast enough, you would not be able to hear it. How fast would the plane have to go?

19 Calculate the frequency of sound you would hear as you drove at 20 m s~ towards a sound
source emitting a sound of frequency 300 Hz.

The Doppler effect and EM radiation

The Doppler effect also applies to electromagnetic radiation (radio, microwaves
and light). The derivation of the formula is rather more complicated since the
velocity of light is not changed by the relative movement of the observer. However
if the relative velocities are much smaller than the speed of light we can use the
following approximation:

Af=+f
where Af = the change in frequency
v = the relative speed of the source and observer
¢ = the speed of light in a vacuum
fo = the original frequency

Red shift

If a source of light is moving away from an observer, the light received by the
observer will have a longer wavelength than when it was emitted. If we look at the
spectrum as shown in Figure 4.73, we see that the red end of the spectrum is long
wavelength and the blue end is short wavelength. The change in wavelength will
therefore cause the light to shift towards the red end of the spectrum — this is called
‘red shift’. This effect is very useful to astronomers as they can use it to calculate how
fast stars are moving away from us. To do this calculation they have to know the
original wavelength of the light. They can work this out because the spectrum of
each element is like a fingerprint, so it is possible from the fingerprint to work out
what the stars are made of and therefore which frequencies of light they emit.

Short wavelength Long wavelength

Full visible light spectrum

Hydrogen spectrum

Hydrogen spectrum from a receding star (red shifted)

Speed traps

Police speed traps use the Doppler effect to measure the speed of passing cars.
When they aim the device at the car, a beam of EM radiation (microwaves or IR)
is reflected off the car. The reflected beam undergoes a double Doppler shift; first
the car is approaching the beam so there will be a shift due to the moving observer
and secondly the reflected beam is emitted from the moving source. When the
device receives the higher frequency reflected beam, the speed of the car can be
calculated from the change in frequency.

@ Hint: Unlike the Doppler effect for
sound, it doesn't matter whether it is the
source or observer that moves.

Red shift is due to the expansion of
the universe rather than the relative
motion of source and observer.
However, the effect is the same.

4 Figure 4.73 Comparing the spectrum
of hydrogen from a stationary source
and a star.

A

Speed cameras use the Doppler effect.
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Worked example

A police speed trap uses a beam with a wavelength of 904 nm. What frequency will
be received by a car travelling towards the trap at 150 kmh~1?

Solution
First convert the car’s speed to ms™!

150kmh™'=42ms™!

The Doppler shift equation can O The change in frequency is then found using the formula

be also be written in terms of the v
Af="Y
wavelength f Cfo

8
The frequency of the signal, f, = % = ﬁ
fo=3.3 X 10" Hz
42 X 3.3 X 10"
3 X 108

=4.6 X 10’Hz

So Af =

Since the car is travelling towards the source, this frequency will be added on to
the original 3.3 X 10'* Hz.

20 A star emits light of wavelength 650 nm. If the light received at the Earth from this star has a
wavelength of 690 nm, how fast is the star moving away from the Earth?

21 If the carin example 1 reflects the received signal, what will the total Doppler shift in the signal
be when it arrives back to the policeman?

22 An atom of hydrogen travelling towards the Earth at 2 X 10°m s~! emits light of wavelength
658 nm. What is the change in wavelength experienced by an observer on the Earth?

O Diffraction at a single slit

Assessment statements

11.3.1 Sketch the variation with angle of diffraction of the relative intensity of
light diffracted at a single slit.

11.3.2 Derive the formula 6 = A for the position of the first minimum of the

intensity diffraction pattern produced at a single slit.

11.3.3 Solve problems involving single-slit diffraction.

When light passes through a narrow slit, it spreads out due to diffraction. The
spreading out is not uniform but forms a pattern, as shown in Figure 4.74. To
osition derive an equation for this pattern we must first understand how light propagates.

central maximhr frst minimunm Huygens construction

A In 1690 the Dutch physicist Christian Huygens (developing an idea of Robert
Figure 4.74 Hooke’s) proposed a model for the propagation of light. He suggested that light



propagated as if the wavefront were made of an infinite number of small wavelet
sources, each wavelet source producing a small spherical wavelet in the forward
direction. The new wavefront was the sum of all these wavelets. Figure 4.75 shows
how plane and circular wavefronts propagate according to this model. Using this —> —>
model we can find out how a plane wavefront propagates through a narrow slit.
If the slit is very narrow the solution is easy, since only one wavelet would go
through, resulting in a circular wavefront. However, if the slit is wider we have to
find the sum of all the wavelets.

A
Figure 4. 75 Huygens construction
used to find the new position of plane
and circular wavefronts.
Applying Huygens construction to a narrow slit

When a wavefront passes through a narrow slit, it will propagate as if there were a
large number of wavelet sources across the slit as in Figure 4.76.

< Figure 4.76 \Wavelets add to
give resultant intensity.

Nearly parallel
wavelets going to Q

The resultant intensity at some point P in front of the slit is found by summing all

the wavelets. This is not a simple matter, since each wavelet has travelled a different To see how waves propagate, visit

distance so they will be out of phase when they arrive at P. To simplify the ttteliEn e Ly 1l
bl i d int Qal f the slits. Licht t 1; enter the express code 4426P and

problem, we will consider a point Qa long way from the slits. Light travelling T )

through the slit arriving at point Q is almost parallel, and if we say that it is

parallel, then the geometry of the problem becomes much simpler.

The central maximum

4 Figure 4.77 Wavelets travelling to the
the slit. If we take a point a long way from the central maximum.

slit, all wavelets will be parallel and will have
travelled the same distance, as shown in Figure
4.77.1f all the wavelets have travelled the same
distance they will be in phase, so will add up to L

The central maximum occurs directly ahead of

give a region of high intensity (bright).

The first minimum

If we now consider wavelets travelling  Figure 4.78 Wavelets travelling to the
towards the first minimum, as in Figure 4.78, first minimum.

they are travelling at an angle so will not all

travel the same distance. The wavelet at the

top will travel further than the wavelet at the

bottom. When these wavelets add together

they cancel each other out to form a region of

low intensity (dark).
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We can calculate the angle at which the first minimum is formed by splitting the
slit into two halves, top and bottom, as in Figure 4.79. If all the wavelets from

the top half cancel out all the wavelets from the bottom, the result will be a dark
region. So if we have 8 wavelet sources, 4 in the top half (A, B, C, D) and 4 in the
bottom (A,B,,Cy,Dy) and if A, cancels with A, and B, cancels with By, etc., then all
the wavelets will cancel with each other. For each pair to cancel, the path difference
must be % A. Figure 4.80 shows the situation for the top wavelet and the one in

the middle.

nw>

o

ONw>» ONn
o &

o

/. . ... .. M

; — A
A ‘\P‘ath difference = 5

Figure 4.79 Wavelets in the top half
cancel with wavelets in the bottom. —

To first minimum

Figure 4.80 Geometric construction ’
for the first minimum.

The orange line cuts across the two wavelets at 90° showing that the top one is
longer than the bottom. If the path difference shown is 3 then these wavelets will
cancel and so will all the others. If the first minimum occurs at an angle 6

as shown, then this will also be the angle of the triangle made by the orange line.

_ We can therefore write:

sinf =

NS>
o>

But the angles are very small, so if 6 is measured in radians, sinf = 6,

T IE 0=3

A Knowing the position of the first minimum tells us how spread out the diffraction
ARG L) Gy e i pattern is. From the equation we can see that if b is small then 6 is big, so the
(top) with a narrow slit (bottom). i ) .

pattern is spread out as shown in Figure 4.81.

Example

A diffraction pattern is formed on a wall 2 m from a 0.1 mm slit illuminated with
light of wavelength 600 nm. How wide will the central maximum be?

First draw a diagram showing the relative positions of the slit and screen.

2m

0.1 mmi

“«—<—>




The angle 6 can be calculated from 6 = %
_ 600X 107
0.1 X 1073
= (0.006 rads
Since this angle is small we can say that § = %m soy = 0.006 X 2m
=0.012m
=12cm

This is half the width of the maximum, so width = 2.4 cm

23 Light of wavelength 550 nm is passed through a slit of size 0.05 mm. Calculate the width of the
central maximum formed on a screen that is 5 m away.

24 Calculate the size of the slit that would cause light of wavelength 550 nm to diffract forming a
diffraction pattern with a central maximum 5 cm wide on a screen 4 m from the slit.

O Resolution

Assessment statements

11.4.1 Sketch the variation with angle of diffraction of the relative intensity of
light emitted by two point sources that has been diffracted at a single
slit.

11.4.2 State the Rayleigh criterion for an image of two sources to be just
resolved.

11.4.3 Describe the significance of resolution in the development of devices
such as CDs and DVDs, the electron microscope and radio telescopes.

11.4.4 Solve problems involving resolution.

In the previous section we discovered that when light passes through a narrow
slit it spreads out. This can cause problems for anyone using a device, such as a

camera, telescope or even your eye, where light passes through a narrow opening.
Try looking in the square of Figure 4.82; you should be able to see that there are
two dots; we say you can ‘resolve’ the two dots. If you move away from the page

A
Figure 4.82

there will be a point where you can no longer resolve the two dots — they now look
like one dot. The reason for this is when the light passes into your eye it diffracts;
this causes the dots to appear as spots on your retina. As you move away from the
page the image of the dots gets closer and closer until the two spots on your retina
overlap, and the dots now look like one.

The Rayleigh criterion

The Rayleigh criterion puts a limit on the resolvability of two points, based on
the diffraction of light. It states that two points will just be resolved if the central
maximum of the diffraction pattern formed of one point coincides with the first
minimum of the other. Figure 4.83 shows this. Note that the diffraction patterns
are not made of lines like those formed by slits, but are circular. This is because
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the aperture at the front of most optical instruments and the eye is circular, and
circular apertures form circular diffraction patterns.

Figure 4. 83 [f the diffraction patterns ’
overlap more than this, the two spots
look like one.

Easily resolved Just resolved

From Figure 4.83 we can see that if the distance between the central maxima is less
than half the width of the maxima the points will not be resolved. The width of
the central maxima is defined by the position of the first minimum, which for a slit
is given by the equation # = 7. But the central maximum for a circular aperture is

1.22 times wider than a slit, so the angular position of the first minimum is given

by 6 = % where b = diameter. Using this equation we can calculate whether

two spots will be resolved or not, as long as we know the wavelength of light and the
size of the aperture.

Worked example

Diffraction is not the only factor O Two small red spots 0.5 mm apart reflect light of wavelength 650 nm into a camera
that affects the resolution of

objects by optical instruments. The
quality of the lens and the number

of pixels in a digital camera are Solution
often the limiting factors.

that has an aperture of 5 mm. What is the maximum distance between the camera
and the paper if the spots are to be resolved in the photograph?

First draw a diagram:

0.5mm 0 ﬂ}%

The diagram shows two rays of light passing through the centre of the lens landing
on the film. Notice these rays do not change direction since they pass through the
centre of the lens. Light from each point forms a diffraction pattern on the film.

If the separation of the patterns equals half the width of the central maximum of

one, they will just be resolved.

The angle 0 on the right = %

_ 1.22 X 650 X 107°
5% 1073
1.59 X 10~* rad




The angle 6 on the left is the same and since it is small

_05X%x1073
§="T
o y— 0:5X107°
1.59 X 107*
=31m

25 Atelescope with aperture diameter 4 cm is used to view a collection of stars that are 4 X 10'?m
away. If the stars give out light of wavelength 570 nm, what is the distance between the closest
stars that can be resolved?

26 To read the headline in a newspaper you need to resolve points that are about 1 cm apart. If a
spy camera is to be put in orbit 200 km above the Earth, how big must its aperture be if it is to
take readable pictures of newspaper headlines? (Assume wavelength = 600 nm.)

27 The pixels on a computer screen are about 0.01 cm apart. If the aperture of your eye has diameter
5 mm should you be able to resolve the pixels at a distance of 1 m? (Assume wavelength =
600 nm.) Explain your answer.

Improving resolution

Whenever electromagnetic radiation passes through an aperture, it is diffracted.
This causes problems if you need to resolve the parts of the radiation that come
from different places. We have seen how this affects optical instruments and how
we can improve the situation by increasing the size of the aperture. An alternative
way of increasing resolution is to use radiation of a different wavelength.

How more information is stored on a DVD than a CD

A CD is a shiny disc covered in small bumps that are called ‘pits’ These pits are
about 5 X 1077 m wide. As the CD rotates in the CD reader, a laser of wavelength
780 nm is reflected off the shiny surface into a detector. If a pit goes past, the
detector senses a change and sends a signal to the computer. The computer
decodes this signal converting it into music, pictures or something else. To get
more information onto the disc, you would need to make the pits smaller, but if
you do that, they diffract the light so much that the detector could not resolve the
difference between the pits and the gaps. To solve this problem, a laser of shorter
wavelength (640 nm) is used.

The electron microscope

A microscope is used to give a big image of a small object, but there is no point

in making a big image if you can’t see the detail. This is the problem with 6 Uit &1 etilion miEeseelss, it
possible to produce an image of

- ; i . a single atom - but is seeing with
and wavelength. The closest points that can be resolved with an optical microscope electrons really seeing?

are about 200 nm apart. To increase the resolving power you could use shorter
wavelengths, but then you can’t see the image since the light would not be visible.
An electron microscope uses high-energy electrons that have wavelengths as small
as 0.02 nm, enabling them to resolve points as close as 0.1 nm (that’s about the
size of an atom). You can’t see the image directly, but the electrons are detected by
sensors and the image produced electronically.

microscopes that use light — their resolving power is limited by the aperture size




Simple harmonic motion and waves

The radio telescope

A radio telescope detects the radio waves emitted by celestial bodies and converts
them into an image. These radio waves have wavelengths of about 20 cm, so to
have good resolution, the telescopes must be very big. The Lovell radio telescope at
Jodrell Bank has a diameter of 76 m.

Radio telescopes need to be huge. ’

O Polarization

Assessment statements

11.5.1 Describe what is meant by polarized light.

11.5.2 Describe polarization by reflection.

11.5.3 State and apply Brewster’s law.

11.5.4 Explain the terms polarizer and analyser.

11.5.5 Calculate the intensity of a transmitted beam of polarized light using
Malus' law.

As mentioned earlier, when a transverse wave is polarized, the disturbance is only
in one plane. This is best demonstrated with a wave in a string. You can flick a
string in any direction, sending a wave along it horizontally, vertically or anything
in between. However, if the motion of the string is restricted by passing it through
a vertical slit, the wave can only be vertical.
It is then said to be polarized, the plane of
polarization in this case being vertical.
If a second vertical slit is placed on the
string then the wave can pass unhindered.
However, if the second slit is horizontal,

A the wave is stopped. If the second slit is

Figure 4.84 A wave in a stringis rotated then the wave will come and go,

CoBizEd 3y 2 el it as the slits line up every half revolution.

Figure 4.85 The polarized wave passes through
a vertical slit but not a horizontal slit.



Athough the polarization of light is nothing to do with slits, light can still be
polarized. This is achieved by passing light through a piece of special plastic called
Polaroid (it’s the stuff some sunglasses are made of ). We can’t see that the light

|
ﬁ Even though you can't see that
the light is polarized, we say it is
because it does the same thing

becomes polarized, but if we pass the polarized light through a second piece of as the wave in a string. We often
polaroid and rotate it, the light goes away every half a revolution, just like the LR TSSRk 6i (s YR Gl S
wave in the string does. The effect is the same so we use the same model. Ecv)ehce;i,tus understand things that

Brewster’s angle

Polaroid is used to make the lenses of sunglasses. Polarizing material can be used
in this way because when the light is polarized, only the components of light in
the direction of polarization are let through. This reduces the intensity of the
transmitted light by 50%. Fishermen often wear polaroid sunglasses, because they
reduce the glare caused by light reflected off the water, enabling them to see the
fish. This works because when light is reflected, it becomes polarized in the plane
of the surface. If the fisherman’s sunglasses have the polarizers perpendicular to
this plane then the reflected light can’t pass (if the fisherman tilts his head to the
side he won’t be able to see the fish). The amount of polarization upon reflection
on a surface such as water depends upon the angle of incidence of the light. In
1812 Sir David Brewster discovered an interesting fact:

When the angle between the reflected ray and the refracted ray is 90°, polarization
is 100%. Figure 4.86 shows the angles involved.

E 4 Figure 4.86 100% polarization when
E the rays make a 90° angle like this.

incident ray reflected ray

Intensity

The intensity of light is the power
that is incident on a unit area. The
unit of intensity is therefore W m=2.
The greater the intensity the
brighter the light.

Intensity is proportional to
amplitude?.

If we look at the angles on the right side of the normal we see that
i+ r+90°=180°sor=90°— i
Now we know that Snell’s law states that ;ITH; = n where nis the refractive index

of water (since the first medium is air). Substituting for r gives
sin 1
sin(90° — 9)

_sini _

but sin(90° — i) = cos i

SO 1 tan 1

This angle of incidence is called Brewster’s angle ¢

¢ =tan™!

28 Calculate Brewster's angle for water (refractive index 1.5).

n

29 Explain why a fisherman fishing in the middle of the day in the summer finds his polaroid
sunglasses are not very effective.
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Malus’s law

When unpolarized light passes through a polarizer, its intensity
is reduced by 50%. When this polarized light passes through a
second polarizer (called an analyser), the reduction in intensity
depends on the angle between the polarization planes of the two
polarizers. If the two polarizers are parallel, then all the light is
transmitted. If they are perpendicular, none is transmitted. If
the angle between the polarizers is 6 (between 0° and 90°) then
some light passes. This is because the analyser will allow through
the component of the polarized light that has the same plane of
polarization as the analyser.

When polarized light passes through an analyser, only the
component of amplitude that is in the direction of the polarizing

A plane of the analyser will pass through. From Figure 4.87, you can
Figure 4.87 Only the component see that this component = A cos 6

in the plane of polarization passes

through. The intensity of light (I) is proportional to A2 so if the original intensity of the

polarized light was I, the intensity passing through the analyser will be given by
the equation

I=I,cos’ 6

This is called Malus’s law.

30 Unpolarized light of intensity I is incident on a polarizer. The transmitted light is then incident on
a second polarizer. The axis of the second polarizer makes an angle of 60° to the axis of the first
polarizer. Calculate the fraction of intensity transmitted.

O Uses of polarization

Assessment statements

11.5.6  Describe what is meant by an optically active substance.

11.5.7 Describe the use of polarization in the determination of the
concentration of certain solutions.

11.5.8  Outline qualitatively how polarization may be used in stress analysis.

11.5.9 Outline qualitatively the action of liquid crystal displays (LCDs).

11.5.10 Solve problems involving the polarization of light.

Optically active substances

Polaroid only allows through one plane of polarized light, but some substances
(such as sugar solution) can rotate the plane of polarization. These are called
‘optically active’ substances. You can demonstrate this by setting up two crossed
polarizers (polarizers with perpendicular polarizing planes). No light will pass
through the crossed polarizers, but if you put some sugar solution between them
it rotates the plane of polarization, so a component of the light is now able to pass.




o

If you rotate the second polarizer (the analyser) you could find out the new plane

of polarization — it would be the angle that allows most light through; different Measuring concentration

. } The angle of rotation is related to
wavelengths are rotated by different amounts so as the analyser is rotated, the the concentration of sugar solution

sugar would appear different colours. so concentration can be measured
by using the set-up as in
Figure 4.88 and rotating the

/ analyser until the light passes
with maximum brightness. The

Analyser / ] Polarizer angle of the analyser gives the
/ angle of rotation from which the
/ I concentration can be calculated.

No light /I/
// < Figure 4.88 Plane of polarization
/ / rotated by sugar solution.
Analyser / I
Sugar solution /]//

/_y /
“some light passes /

Polarizer

Some plastics also become optically active when subjected to force (put under
stress). The angle of rotation for different colours is dependent on the amount of
force that the plastic is subjected to. Here a copy of a crane hook has been made
out of plastic. When viewed in polarized light, coloured patterns are revealed that
show the areas that are subjected to the greatest stress. By studying these pictures,
engineers can change the design of the hook to spread the load evenly, eliminating
stress points.

‘ When viewed through crossed
polarizers, different areas have different
colours as shown in the photo.
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Liquid crystal displays (LCD)

Calculators, watches, computer screens and televisions have displays that are made
up of thousands of small dots called pixels. In an LCD, each pixel is made of a tiny
liquid crystal. Liquid crystals have a very useful property; normally they rotate the
plane of polarization through 90°, but when a battery is connected across them,
they don’t. So if a liquid crystal is placed between two crossed polarizers as shown
in Figure 4.89, the crystal goes dark when the battery is connected.

Try looking at your mobile phone, calculator or computer screen
whilst wearing Polaroid sunglasses. You may have to rotate your head
to see the effect.

Figure 4.89 How an LCD works. ’ Polarizer /

|

Light passes
Liquid /]/L/ gnte

Front lit displays O crystal
Figure 4.89 shows how a back

Analyser
lit display works; these are used
on computers and TVs. A lot of No battery-plane of .
calculators and watches do not L~ polarization rotated 90° Polarizer /
have back lighting but use the / —
light from the room to illuminate ~ I
the display. In this case a mirror is
placed behind thelanalysefr.The Ciquid
light reflects back if there is no
crystal

battery connected, but does not With battery - plane of
reflect when connected. Analyser /I/ ( polarization not altered

—

No light

To make a display, thousands of these small crystals are connected in a grid.

A picture is made by applying a potential difference (connecting a battery) to
selected pixels. How this works is very easy to see in the old calculator displays that
used just seven segments to form the numbers from 1 to 9.

A

A seven segment LCD — each segment
is a separate crystal.

31 Light of intensity 10 W m~2 passes through two crossed polaroids.
(@) Whatis the intensity of light after the first polaroid?
(b) What is the intensity after the second polaroid?

A sugar solution is placed between the two polaroids and rotates the plane of polarization
through 30°.

(c) What is the intensity of the light that now emerges from the second polaroid?




Practice questions

1 This question is about sound waves.
A sound wave of frequency 660 Hz passes through air. The variation of particle
displacement with distance along the wave at one instant of time is shown below.

A

AL
T

distance / m

(a) State whether this wave is an example of a longitudinal or a transverse wave. (1)

(b) Using data from the above graph, deduce for this sound wave:

(i) the wavelength. (1)
(i) the amplitude. M
(i) the speed. (2)
2 This question is about waves and wave properties.
(@) By making reference to waves, distinguish between a ray and a wavefront. (3)
The following diagram shows three wavefronts incident on a boundary between
medium | and medium R. Wavefront CD is shown crossing the boundary.
Wavefront EF is incomplete.
(b) A C E
medium |
f—— medium R
B
D
(i) On the diagram above, draw a line to complete the wavefront EF. (1)

(ii) Explain in which medium, | or R, the wave has the higher speed. (3)
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The graph below shows the variation with time t of the velocity v of one particle of the
medium through which the wave is travelling.

(0)
84
6
4
i /
v/ims™' 0 . ; . T T
) 1 2 4 5 i
4]
—6
_g.
t/x 1073
(i) Explain how it can be deduced from the graph that the particle is
oscillating. (2)
(ii) Determine the frequency of oscillation of the particle. (2)
(iii) Mark on the graph with the letter M one time at which the particle is at
maximum displacement. (1)

(iv) Estimate the area between the curve and the x-axis from the time
t = 0to the time t = 1.5ms.
(v) Suggest what the area in c(iv) represents. (3)

3 This question is about waves and wave motion.
(@) (i) Define what is meant by the speed of a wave. (2)
(i) Light is emitted from a candle flame. Explain why, in this situation,
it is correct to refer to the ‘speed of the emitted light’, rather than

its velocity. (2)

(b) (i) Define, by reference to wave motion, what is meant by disp/acement. (2)
(ii) By reference to displacement, describe the difference between a

longitudinal wave and a transverse wave. (3)

The centre of an earthquake produces both longitudinal waves (P waves) and transverse
waves (S waves). The graph below shows the variation with time ¢ of the distance d
moved by the two types of wave.

12004 P wave S wave

800
d/km

400

0 T T T T T T T T 1
0 25 50 75 100 125 150 175 200 225
t/s

(c) Use the graph to determine the speed of
(i) the P waves. (M
(ii) the S waves. (1)




(d) The waves from an earthquake close to the | 900km |
Earth's surface are detected at three
laboratories Ly, L, and Ls. The laboratories
are at the corners of a triangle so that each
is separated from the others by a distance of
900 km, as shown in the diagram below.

OL ()
The records of the variation with time of the vibrations produced by the earthquake as
detected at the three laboratories are shown below. All three records were started at the

same time.
M\MW’MW L
WMWWM L,

start of trace Ly
time ——

On each record, one pulse is made by the S wave and the other by the P wave. The
separation of the two pulses is referred to as the S-P interval.

(i) On the trace produced by laboratory L,, identify, by reference to your answers

in (c), the pulse due to the P wave (label the pulse P). (1)
(ii) Using evidence from the records of the earthquake, state which laboratory

was closest to the site of the earthquake. (1)
(iii) State three separate pieces of evidence for your statement in (d)(ii). (3)

(iv) The S-P intervals are 68, 42 s and 27 s for laboratories L;, L, and L;
respectively. Use the graph, or otherwise, to determine the distance of the
earthquake from each laboratory. Explain your working.

(v) Mark on the diagram a possible site of the earthquake.

4 This question is about the interference of waves.

(a) State the principle of superposition. (2)
A wire is stretched between two points A and B.

A B

A standing wave is set up in the wire. This wave can be thought of as being made up
from the superposition of two waves, a wave X travelling from A to B and a wave Y
travelling from B to A. At one particular instant in time, the displacement of the wire is
as shown. A background grid is given for reference and the equilibrium position of the
wire is shown as a dotted line.
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(b) On the grids below, draw the displacement of the wire due to wave X and wave Y.

Wave X

Wave Y

4

The diagram below shows an arrangement (not to scale) for observing the interference
pattern produced by the superposition of two light waves.

4
5
monochromatic S K ®0
light source
S
single slit
double slit screen

S; and S, are two very narrow slits. The single slit S ensures that the light leaving the

slits Sy and S, is coherent.

(c) (i) Define coherent. (M
(ii) Explain why the slits S; and S, need to be very narrow. (2)

The point O on the diagram is equidistant from S; and S, and there is maximum

constructive interference at point P on the screen. There are no other points of maximum

interference between O and P.

(d) (i) State the condition necessary for there to be maximum constructive
interference at the point P. (1)




(i) On the axes below, draw a graph to show the variation of intensity of light on
the screen between the points O and P.

intensity

o |'; distance along the screen )

(e) In this particular arrangement, the distance between the double slit and the screen
is 1.50 m and the separation of S; and S, is 3.00 X 10~3m.
The distance OP is 0.25 mm. Determine the wavelength of the light. (2)
Please note that part (e) is beyond the requirements of the syllabus.
(Total 14 marks)
© |International Baccalaureate Organisation

This question is about wave properties and interference.

The diagram below represents the direction of oscillation of a disturbance that gives rise
to a wave.

D e

(@) By redrawing the diagram, add arrows to show the direction of wave energy
transfer to illustrate the difference between
(i) atransverse wave and (1
(i) a longitudinal wave. (1

A wave travels along a stretched string. The diagram below shows the variation with
distance along the string of the displacement of the string at a particular instant in time.
A small marker is attached to the string at the point labelled M. The undisturbed position
of the string is shown as a dotted line.

<— Direction of wave travel

(b) On the diagram above
(i) draw an arrow to indicate the direction in which the marker is moving. (1)
(i) indicate, with the letter A, the amplitude of the wave. (1)
(iii) indicate, with the letter A, the wavelength of the wave. (1)

(iv) draw the displacement of the string a time ZT later, where Tis the period of

oscillation of the wave. Indicate, with the letter N, the new position of the
marker. (2)
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The wavelength of the wave is 5.0 cm and its speed is 10cms—".

(c) Determine
(i) the frequency of the wave. (1)

(ii) how far the wave has moved in ZTS.

Interference of waves
(d) By reference to the principle of superposition, explain what is meant by constructive
interference. (4)

The diagram below (not drawn to scale) shows an arrangement for observing the
interference pattern produced by the light from two narrow slits S; and S,.

monochromatic c
light source

«—Q —>
<

single
slit

double slit screen

The distance S;S, is d, the distance between the double slit and screen is Dand D> d
such that the angles 6 and ¢ shown on the diagram are small. M is the mid-point of
S,S; and it is observed that there is a bright fringe at point P on the screen, a distance y,
from point O on the screen. Light from S, travels a distance S,X further to point P than

light from S;
(e) (i) State the condition in terms of the distance S,X and the wavelength of the
light A, for there to be a bright fringe at P. (2)
(ii) Deduce an expression for 6 in terms of S,X and d. (2)
(iii) Deduce an expression for ¢ in terms of D and ;. (1)

For a particular arrangement, the separation of the slits is 1.40 mm and the distance
from the slits to the screen is 1.50 m. The distance y; is the distance of the eighth bright
fringe from O and the angle 6 = 2.70 X 103 rad.

(f) Use your answers to (e) to determine
(i) the wavelength of the light (2)
(i) the separation of the fringes on the screen. (3)
Please note that part (f) is beyond the requirements of the syllabus.
(Total 24 marks)
© International Baccalaureate Organisation

6 This question is about the Doppler effect.
The diagram opposite shows wavefronts produced by a stationary wave source S. The
spacing of the wavefronts is equal to the wavelength of the waves. The wavefronts travel
with speed V.




()

(@) The source S now moves to the right with speed %V. Draw four successive
wavefronts to show the pattern of waves produced by the moving source. (3)

(b) Derive the Doppler formula for the observed frequency #, of a sound source, as
heard by a stationary observer, when the source approaches the stationary observer
with speed v. The speed of sound is Vand the frequency of the sound emitted by
the source is f (3)

The Sun rotates about its centre. The light from one edge of the Sun, as seen by
a stationary observer, shows a Doppler shift of 0.004 nm for light of wavelength
600.000 nm.

(c) Assuming that the Doppler formula for sound may be used for light, estimate the
linear speed of a point on the surface of the Sun due to its rotation. (3)
(Total 9 marks)
© International Baccalaureate Organisation

This question is about standing waves in pipes.

The diagram below shows two pipes of the same length. Pipe A is open at both ends
and pipe B is closed at one end.

Pipe A Pipe B

(@) (i) On the diagrams above, draw lines to represent the waveforms of the

fundamental (first harmonic) resonant note for each pipe. (2)
(ii) On each diagram, label the position of the nodes with the letter N and the
position of the antinodes with the letter A. (2)

The frequency of the fundamental note for pipe A is 512 Hz.

(b) (i) Calculate the length of the pipe A. (Speed of sound in air = 325ms=')  (3)
(i) Suggest why organ pipes designed to emit low frequency fundamental notes

(e.g. frequency = 32 Hz) are often closed at one end. (2)

(Total 9 marks)

© International Baccalaureate Organisation
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8 This question is about optical resolution.

(@) Light from a point source is brought to a focus by a convex lens. The lens does not
cause spherical or chromatic aberration.
(i) State why the image of the point source will not be a point image. (1)
(ii) Describe the appearance of the image. (2)

Two light receptors at the back of the eye are 4.0 wm apart. The distance of the
receptors from the convex lens at the front of the eye is 17.0 mm, as shown below.

. Iig/ht receptor

eye lens

'«—17.0mm—>

Light of wavelength 550 nm from two point objects enters the eye. The centres of the
images of the two objects are focused on the light receptors.

(b) (i) Calculate the angle « in radians subtended by the two receptors at the centre

of the eye lens. (2)
(ii) Use the Rayleigh criterion to calculate the diameter of the pupil of the eye so

that the two images are just resolved. (2)
(ii) With reference to your answer in (i), suggest why the film appears to be

coloured. (2)

(Total 9 marks)
© International Baccalaureate Organisation

SL Option A

Note that additional material for SL Option A (The eye and sight) is in the
Appendix (page 577) as this is not required study for HL students.




—lectrical currents

Electric potential difference,
current and resistance

Assessment statements
5.1.1 Define electric potential difference.

5.1.2 Determine the change in potential energy when a charge moves
between two points at different potentials.

5.1.3 Define the electronvolt.
5.1.4  Solve problems involving electric potential difference.
5.1.5 Define electric current.

5.1.6  Define resistance. /
p

5.1.7 Apply the equation for resistance in the form R = 7

resistivity of the material of the resistor.
5.1.8 State Ohm’s law.
5.1.9 Compare ohmic and non-ohmic behaviour.

where p is the

5.1.10 Derive and apply expressions for electrical power dissipation in

resistors. |Ight bulb
5.1.11 Solve problems involving potential difference, current and resistance. ®
. . + battery —
In this chapter we will develop the Y
theory behind electric circuits, but A
first we need to understand how the Figure 5.1 This simple circuit consists

of a battery and a light bulb. The battery
has two ends, one is positive (+) and
the other is negative (—). To make a
circuit, the bulb must be connected as

The battery shown .
All electrical devices convert electrical

energy into other forms; an MP3 player

produces sound, a torch produces

light and an electric motor produces

mechanical energy. In cordless devices

(ones that don’t plug into the mains) the

source of this energy is the battery.

Inside the battery, chemicals react with each other to convert chemical energy into

electrical energy.

individual components work.

All electrical appliances convert
electrical energy into other forms.

[
When the light bulb is connected across the ends of the battery, it gets hot and To build your own circuits and test

starts to glow, giving out energy in the form of light and heat. This energy comes the theories in this chapter, visit
from the battery. To make the bulb light up, we must make a complete circuit. If WWW‘hﬁ'nemam‘co‘;kﬁggg‘ks’d
. . o . . . . . enter the express code an
this circuit is broken, the bulb goes out. It seems like something is flowing through ‘ e
. ) ; . click on the Weblink 5.1.
the wire; we call the flow current and the thing that is flowing we call charge.
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Water analogy

To explain the observations, we can use an analogy.

Figure 5.2 Water flow is similar to the }

water with high PE
flow of electricity.

water wheel

water with low PE

Figure 5.2 shows a man carrying water up the stairs and pouring it into a tank. The
water flows from this tank through a pipe into a lower one. As it flows, the water
turns a water wheel. The water wheel turns a grindstone that rubs against a hard
surface, producing heat.

Energy explanation

We can explain what is happening using the principle of conservation of energy.
As the man carries the water up the stairs he does work on the water, increasing
its potential energy(PE). When the water flows downbhill into the lower tank, it
loses PE. This energy is given to the water wheel, which turns the grindstone,
producing heat. So we can say that the work done by the man is the same as the
heat produced at the grindstone.

Figure 5.3 Energy changes. > water flows
downhill

water
\wheel turns

}grindstone

produces heat

Charge

Unlike with water, we cannot see charge flowing through the wire. We will find out
later (Chapter 6) that there are two types of charge (+ and —) but to make things
simple we will just consider + charge. The unit of charge is the coulomb (C).

Electrical potential energy

To make the water flow through the pipe, the man did work on the water to raise
its potential energy. In the electrical circuit, the battery does work to increase the
electrical potential energy of the charges. The charges on the + end of the battery
have a higher potential energy than the ones on the — end, so charge flows from
+ to — outside the cell.

Current
Current is the flow of charge, and since charges at the + end of the battery have
Current = Sharge O higher PE than those at the — end, the current flows from + to —.
time

el = § @aulenibperssaais) The unit of current is the amp (A).

The amp is a scalar quantity.



The complete picture

The battery takes charges and puts them in a position of high potential at the +
end. If a bulb is connected between the ends of the battery, this charge flows from
the position of high potential to a position of low potential. The potential energy
is converted to heat and light.

light bulb

&

charge at
high potential

charge at
low potential

Microscopic model

Metals allow charge to flow because they contain small negatively charged particles
called electrons. Since the electrons are negative, they flow from low potential

to high potential. Trying to imagine something flowing uphill is not very easy,

so we will stick with positive charges flowing downhill. This is not a problem

but we must always remember that electrons flow in the opposite direction to
conventional current.

Energy transformation in a battery

Since energy is conserved, the energy given to the charges must come from
somewhere — in fact, the battery converts chemical energy to electrical PE.

The chemicals in the battery contain charges that are all mixed up. When these
chemicals react, the charges are rearranged so that there are more + charges at
the + end of the battery. After the reaction, the chemicals have less energy, as the
chemical energy has been converted to electrical PE.

Potential difference

If we move a + charge from the negative end of the battery to the positive end, we
need to do work. This is because the charge has a higher potential energy at the
positive end than the negative end. The amount of work done per unit charge is
defined as the potential difference (p.d.) between the plates or terminals.

The unit of p.d. is the volt. The volt is a scalar quantity.

long side- short side-
high potenm |/ low potential
| [

1 volt = 1 joule per coulomb.

work done = W

@ Q
>0

| Figure 5.4 As the charge flows from
+ to —, its potential energy is
converted into heat and light in the
bulb.

The electron is a small particle
responsible for carrying charge in
conductors.

Charge = =16 X 1071°C
Electrons are negative so flow

in the opposite direction to
conventional current.

N
6 We consider current to flow in the
opposite direction to the way that
electrons actually flow. Does it
matter that our model is actually
completely backwards?

The PhET simulation ‘Battery
voltage’shows how the charges
are rearranged. The little people
represent chemical energy. To view
this, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on the Weblink 5.2.

< Figure 5.5 The symbol for a cell makes
a lot of sense; the side that is at the
highest potential has the longest line.

The p.d. between A and Bis
defined as the amount of work
done per unit charge in taking a
small +ve test charge from A to B.

4 Figure 5.6 If an amount of work W/
is done in taking charge g from A to
B then the p.d. (V) between A and B is
given by the equation V' = W/q.



Electrical currents

Figure 5.7 Current flows from B to A ’
like water flowing downhill.

e Examiner’s hint: From definition
of p.d, the energy lost per unit charge
moving from one terminal to the other
is9JC .

Cross-
sectional
area A

<«—|lengthL —

A

Figure 5.8 Dimensions of a conductor.

Figure 5.9 More current flows through ’
the bottom branch than the top one.

Figure 5.10 The symbol for a resistor. ’

Conductors and insulators

A conductor is a material that allows charge to
flow through it. An insulator doesn’t. All metals
are good conductors of electricity, but plastics are
insulators.

Worked examples

1 If a current of 10 A flows for 15 s, how much
charge flows?

2 How much energy is lost when +5 C of charge

flows from the +ve terminal to the —ve terminal &
The metal core of the cable

of a 9V battery? - ,
conducts electricity; the plastic
Solutions cover is an insulator.
1 Current I = charge per unit time = —
Q=1t
=10X15C
=150C

2 Energytomovel C=09]
Energytomove 5C =5 X 9] =45]

Resistance

The rate at which charge can flow through a conductor depends on the size and
material of the conductor. A conductor that does not let much current flow for a
given p.d. is said to have a high resistance.

Resistance (R) is related to: cross-sectional area (A), length (L) and the material.

L
R Z
The constant of proportionality is called the resistivity (p).
So R= p%

The unit of resistance is the ohm ({}).

This means that more current flows through a short fat conductor than a long thin
one.




Resistivity

4 A resistor is a component with a known
resistance. You can work out the
resistance from the colours.

To try the battery-resistance circuit,
visit www.heinemann.co.uk/
hotlinks, enter the express code
4426P and click on Weblink 5.3.

By rearranging R = p% we get p = % (units Om).

From this we can deduce that if the length of a sample of material is 1m and

the cross-sectional area is 1 m?, then p = R.You can probably imagine that the
resistance of such a large piece of metal will be very small — that’s why the values of
resistivity are so low (e.g. for copper p = 1.72 X 1078 Om).

Microscopic model of resistance

As mentioned earlier, it is actually the negative charges called free electrons that
move. As they move through the metal, they give energy to the metal atoms,
causing the temperature of the metal to increase.

metal atom electron < Figure 5.1 Electrons move through

7 I'/ metal, giving energy to atoms.
-0 @
@ ® .06 & 0 0

@
@
@

Worked example

The resistivity of copper is 1.72 X 1078 Qdm. What is the resistance of a 1 m length
of 2 mm diameter copper wire?

Solution
Cross-sectional area = 77 (0.001)? ® Examiner’s hint:

=3.14 X 107°m? Area = mrr? where radius

R=p% =1x2mm =0001m.
- 1
=172X 1078 X ————
3.14 X 107°
= 0.0055 ()




Electrical currents

Figure 5.12 We can now make a }
simple circuit with a battery and a
resistor.

Figure 5.13 Doubling p.d. doubles the }
current.

Figure 5.14 V,/and R | 2

Ohm’s law

Ohm’s law relates the current flowing through a conductor with the potential
difference across it.

battery produces p.d.
across resistor

Y current

s B

resistor

The current flowing through an ohmic conductor is directly proportional to the
potential difference across it, provided temperature and other physical conditions
remain constant.

-1 o

small p.d.

Y
3A = small current

large p.d.

J6A = big current

If the p.d. across a conductor is V and the current flowing through it is I,
then according to Ohm’s law:

VoI
The constant of proportionality is the resistance, R.

So: V=1IR



Worked example

If the p.d. across a 3 () resistance is 9V what current will flow?

Solution
V=1IR From Ohm'’s law.
_V )
1= R Rearranging.
-9
1= 3 A
=3A

Graphical treatment

Ohmic conductor

Since V « ] for an ohmic conductor, a graph
of Iagainst V will be a straight line.

In this example, resistance = LI/ =20

1A

3A[-------

<V

6V

Non-ohmic conductors

Not all conductors obey Ohm’s law. I-V graphs for these conductors will not be
straight. A light bulb filament is an example of a non-ohmic conductor.

In this example, the resistance at the start is %Q (0.33()) and at the end it is % QO
(0.57 Q).

The reason for this is that when the light bulb gets hot, the metal atoms vibrate
more. This means that there are more collisions between the electrons and metal
atoms, leading to an increase in resistance.

The water behind this dam has a high
potential energy but because the hole
is small only a small current of water
can flow out. This is equivalent to a high
resistance leading to a small current.

v

4 Figure 5.15 /-V/for an ohmic conductor

O Note: The resistance is found by

taking the ratio —\l/— this is the
1
gradient
conductor.

same as for an ohmic

Figure 5.16 This |-V graph for a light
bulb shows that the resistance has
4 increased.

Why do we plot VV on the x-axis?
To produce an /-V graph, the
current through the resistor is
measured as the p.d. is changed.
The variable that is changed is
called the independent variable,
the variable that changes is

the dependent variable. The
independent variable is generally
plotted on the x-axis; that's why we
plot / against V. So if an /-V graph
gets steeper it means that the
resistance is getting lower.



Electrical currents

If a p.d. of 9V causes a current of 3 mA to flow through a wire, what is the resistance of the wire?
A current of 1 wA flows through a 300 k() resistor. What is the p.d. across the resistor?

If the p.d. across a 600 () resistor is 12V, how much current flows?

A W N =

Below is a table of the p.d. and current through a device called a thermistor.

p.d./V Current/A

1.0 0.01

10 0.1

25 1.0

Calculate the resistance at different potential differences.

@ Electric circuits

Assessment statements

5.2.1 Define electromotive force (emf).

5.2.2 Describe the concept of internal resistance.

5.2.3 Apply the equations for resistors in series and in parallel.
5.2.4 Draw circuit diagrams.

5.2.5 Describe the use of ideal ammeters and ideal voltmeters.
5.2.6 Describe a potential divider.

5.2.7 Explain the use of sensors in potential divider circuits.
5.2.8 Solve problems involving electric circuits.

The simple circuit - an energy view

We can now consider the energy changes that take place as current flows around
the simple circuit.

Figure 5.17 The shopping centre }
analogy. The energy changes of the
charges that flow round an electric
circuit are similar to the energy changes
as you walk around a multi-storey
shopping centre. The escalator gives
you potential energy as it takes you up.
When you come down the stairs your
potential energy gets less. This energy
is given to the stairs; as your feet hit
each step, the step gets hot.

electrical PE chemical
to heat —L— energy to
electrical PE




The cell uses chemical energy to place the charges in a position of high potential.
As the charges flow through the resistor, this potential energy is converted to
heat, so the resistor gets hot. These changes in energy are defined by the following
terms:

e Emf (&)

The emf of a cell is the amount of chemical energy converted to electrical energy,
per unit charge. The unit is the volt (V).

e Potential difference (p.d. or V)
The p.d. across a resistance is the amount of electrical energy converted to heat,
per unit charge. The unit is the volt (V).

Both of these quantities are energy per unit charge, but emf specifically applies
to cells, batteries, generators and any other device that gives the charges potential
energy. (One volt is the same as one joule per coulomb.)

Applying the law of conservation of energy

Since energy cannot be created or destroyed, the energy converted from chemical
to electrical in the cell must be equal to the amount converted from electrical to
heat in the resistor.

From Ohm’s law, V = IR

Worked examples

1 If the emf of a battery is 9V, how much energy is converted from chemical to
electrical when 2 C of charge flow?

2 What is the p.d. across a resistor if 24 J of heat are produced when a current of
2 A flows through it for 10 s?

Solutions
1 emf = energy converted from chemical to electrical per unit charge.
So energy converted =2 X 9]
= 18]
2 2Afor10s =2 X 10C = 20 C of charge.

If 20 C of charge flows, then the energy per unit charge = % V=12V

Internal resistance of cells

All cells are made of materials that have resistance. The resistance of the cell is
called the internal resistance.

If a cell with internal resistance is connected to a resistor, current will flow from
the cell. As current flows through the internal resistance, some energy is converted
from electrical to heat inside the cell (so the cell gets hot). This means that there
is less energy to be converted to heat in the resistor. The p.d. across the resistor is
therefore less than the emf of the cell.

r E

—

To look at the simulations on the
PhET website, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 5.4.

‘Battery voltage'shows how the
battery changes chemical energy
to electrical potential energy by
moving the charges.
‘Battery-resistor current’shows how
the electrical energy is converted
to heat in the resistor.

Note: these simulations show

the movement of electrons, not
conventional current.

® Examiner’s hint: If the amount of
charge = 2 C then energy converted =
2 X emf

o Examiner’s hint: Currentis charge
flowing per unit time.

® Examiner’s hint: From the definition,
p.d. = energy converted from electrical
to heat per unit charge.

N

6 The shopping centre analogy is an
example of how we use models to
visualize things that we can't see.
Itis much easier to understand
the changes in height as you walk
around the shops than the changes
of energy as electrons flow around
a circuit.

< Figure 5.18 The symbol for a cell

includes a resistor r next to the cell to

show internal resistance.



Electrical currents

Figure 5.19 Internal resistance acts ’
like a small step down.

Shopping centre analogy O
In the shopping centre analogy

you can see that the elevator still
lifts you up to the same level but
you must come down a few steps
as soon as you step off it.

In the electrical circuit the emf is
still the same but the charges lose
some energy before they leave the
battery. r

Applying Ohm’s law to the internal resistance, the p.d. across it will be Ir.

From the law of conservation of energy, when a certain charge flows, the amount
of energy converted from chemical to electrical equals the amount converted from
electrical to heat.

e=1IR+ Ir
Rearranging this formula, we can get an equation for the current from the battery.
If the resistance connected to O &
the battery is very small, then the I= R+ r
current will be large. This means
that most of the electrical energy
is converted to heat inside the Worked example
battery so the battery gets very
hot. This is why you shouldn't A battery of emf 9V with an internal resistance 1 ) is connected to a 2 () resistor,
connect a wire between the ends as shown in Figure 5.20.
of a battery. You can try this with
the PhET circuit construction kit, How much current will flow?
but don't try it with a real battery. 10
Solution 2Q
&
=%+ oV
9
I=5574 ;
. . Figure 5.20 Always start by drawing a
What is the p.d. across the 2 () resistor? circuit showing the guantities you know
V=1IR e Examiner’s hint: The and labelling the ones you want to find.
V=3X2V current through the resistor

5 A-current of 0.5 A flows when a battery of emf 6V is connected to an 11 Q resistor. What is
the internal resistance of the battery?

6 A 12V battery with internal resistance 1€ is connected to a 23 () resistor. What is the p.d.
across the 23 £} resistor?




Electrical power

Electrical power is the rate at which energy is changed from one form to another.

Power delivered
In a perfect battery, the power is the amount of chemical energy converted to

electrical energy per unit time.

If the emf of a battery is &, then if a charge Q flows, the amount of energy
converted from chemical to electrical is Q.

If this charge flows in a time ¢ then the power delivered = ?
But—? = the current, |
So the power delivered = &I

In a real battery, the actual power delivered will be a bit less, since there will be
some power dissipated in the internal resistance.

Power dissipated

The power dissipated in the resistor is the amount of electrical energy converted to
heat per unit time.

Consider a resistance R with a p.d. Vacross it. If a charge g flows in time ¢ then the
current, I = !;

The p.d., V, is defined as the energy converted to heat per unit charge, so the
energy converted to heat in this case = Vg

Power is the energy used per unit time, so P = ?

butﬁt=l,soP= 1%

Worked examples

1 If a current of 2 A flows through a resistor that has a p.d. of 4V across it, how
much power is dissipated?

2 What power will be dissipated when a current of 4 A flows through a resistance
of 55 )2

Solutions
1 P= VIwhere V=4VandI=2A
P=4X2W
=8W
2 Using Ohm’s law V = IR First we need to find out the pd. across the resistor
=4 X55V
=220V
pP=VI
=220 X 4W

= 880W

Kilowatt-hours

The electrical energy used at home
is measured in kilowatt-hours. This
is the amount of energy used by

a 1 kilowatt heater switched on

for 1 hour. When the electricity bill
comes, you have to pay for each
kilowatt-hour of energy that you
have used.

Since TW=1Js7!
1 kilowatt-hour = 1000 X 60 X 60 J
1kWh = 3.6 X 10°J




Electrical currents

Alternative ways of writing P = VI

In Example 2, we had to calculate the p.d. before finding the power. It would be
convenient if we could solve this problem in one step. We can write alternative
forms of the equation by substituting for I and V from Ohm’s law.

We have shown that power P = VI
But from Ohm’s law V = IR

If we substitute for Vwe get P= IR X [ = I°R

Power
P=V O We can also substitute for I = %
P=PR
VXV _ V?
P= V%R = =Y v _ Y
Power = VX I R R

7 5 Aflows through a 20 Q resistor.
(a) How much electrical energy is converted to heat per second?
(b) If the current flows for one minute, how much energy is released?

8 Ifa battery has an internal resistance of 0.5 £, how much power will be dissipated in the battery
when 0.25 A flows?

9 Acurrent of 0.5 A flows from a battery of emf 9V. If the power delivered is 4 W, how much power
is dissipated in the internal resistance?

Electric kettle (water boiler)

An electric kettle transfers the heat produced when current flows through a wire
element to the water inside the kettle.

Worked example

A current of 3 A flows through an electric kettle connected to the 220V mains.
What is the power of the kettle and how long will it take to boil 1 litre of water?

Solution
The power of the kettle = VI = 220 X 3 = 660 W

To calculate energy needed to boil the water, we use the formula
heat required= mass X specific heat capacity X temperature change.
The specific heat capacity of water is 4180 Jkg~'°C™!

The mass of 1 litre of water is 1 kg, so if we assume that the water was at room
temperature, 20°C, then to raise it to 100°C the energy required is:

1 X 4180 X 80 = 334 400]

energy

power

_ 334400
660

Time = 506.67 s

power = energy/time, so the time taken =

= 8 minutes 27 seconds

The light bulb

If the power dissipated in a wire is large, then a lot of heat is produced per second.
When heat is added quickly, the wire doesn’t have time to lose this heat to the
surroundings. The result is that the temperature of the wire increases, and if the




temperature is high enough, the wire will begin to glow, giving out light. Only

about 10% of the energy dissipated in a light bulb is converted to light - the rest is

heat. Fluorescent tubes are much more
efficient than incandescent light
bulbs, converting most of the

The electric motor electrical energy to light.

A motor converts electrical energy to mechanical energy; this could be in the form
of potential energy, if something is lifted by the motor, or kinetic energy, if the
motor is accelerating something like a car.

Worked example

An electric motor is used to lift 10 kg through 3 m in 5 seconds. If the p.d. across
the motor is 12V, how much current flows (assuming no energy is lost)?

Solution
Work done by the motor = mgh
=10 X 10 X 3]
=300]
Power = Work done
time
_ 300
5
=60W
Electrical power, P = IVso I = P/V
60
=5A
=5A

10 An electric car of mass 1000 kg uses twenty-five 12 V batteries connected together to create a
p.d. of 300 V. The car accelerates from rest to a speed of 30m s~ in 12 seconds.
(@) What is the final kinetic energy of the car?
(b) What is the power of the car?
(c) How much electrical current flows from the battery?
What assumptions have you made in calculating a) to ¢)?
11 Alight bulb for use with the 220 V mains is rated at 100 W.
(@) What current will flow through the bulb?
(b) If the bulb converts 20% of the energy to light, how much light energy is produced per
second?

12 A 1kW electric heater is connected to the 220 V mains and left on for 5 hours.
(@) How much current will flow through the heater?

(b) How much energy will the heater release? series
— I —
- . parallel
Combinations of components
In practical situations, resistors and cells are often joined together in combinations —
e.g. fairy lights, flashlight batteries. N
There are many ways of connecting a number of components — we will consider Figure 5.21 Two simple combinations

two simple arrangements, series and parallel. of resistors.



Electrical currents

Resistors in series

In a series circuit the same current flows through each resistor.

Figure 5.22 Two resistors in series are } 4
similar to two flights of stairs. v, v,
—A — — 1
Ry R,
The combination could be replaced by one resistor.
%
e
—
R

Applying the law of conservation of energy, the p.d. across R, plus the p.d. across
R, must be equal to the p.d. across the combination.

Vi+ V,=V
Applying Ohm’s law to each resistor: IR, + IR, = IR
Dividingby I: R, + R, = R

Worked example

What is the total resistance of a 4() and an 8() resistor in series?

—I |—| I— < Figure 5.23

A 4Q 8Q

These coloured lights are connected
in series — if you take one out they all
go out.

Solution

Total resistance = R, + R,
=4+ 8(Q)
=120

Resistors in parallel

In a parallel circuit the current splits in two.

Figure 5.24 Resistors in parallel are | 2 ” v >
similar to stairs side by side. R, I,

R h
2
The combination could be replaced by one resistor.
%
—
e E—
R

Applying the law of conservation of charge, we know that the current going into a
junction must equal the current coming out.

I=L+1
Applying Ohm’s law to each resistor gives: VY-v,v
R R R

ividi 11,1
Dividing by V: R™ R + R,




Worked examples

1 What is the total resistance of a 4 () and an 8 () resistor in parallel?

2 What is the total resistance of two 8 () resistors in parallel?

Solutions
el 11
1 U51ng§—Rl+R2 8 Q)
1_1,1
R 473 -1 I
_2+1_3  Figure 5.25
g 3 e I

4Q

2 Using% = RL + RL 8Q  Figure 5.26 The total resistance of
| N 1 ) 2 —:l— two equal resistors in parallel is half the
R =3T5~3% | resistance of one of them.
=38
o 1+
=40 8Q

Multiple combinations

When there are many resistors, the total is found by splitting the circuit into small
units of parallel and series resistors; for example in the circuit shown in

Figure 5.27.
8Q 8Q 16 Q | Figure 5.27 Equivalent circuits.
Equivalent
16 Q 16 Q

The two 8 () resistors at the top are equivalent to one 16 () resistor.

This gives two16 () resistors in parallel, a total of 8 ().

Calculate the total resistance for the circuits in Figure 5.28.

13 16 Q 14 8Q 8Q < Figure5.28

e —

— —
8Q 14Q 2Q

15 4Q 8Q 16 Q 16 16 Q

==




Electrical currents

Cells in series

Cells are very often added in series to produce a larger p.d.

Figure 5.29 Cells in series are similar to }
two flights of escalators.

The p.d. of cells in series simply add
V=V, +V,

Worked example

Two 12V batteries are connected in series to a 10 () resistor. If each battery has an
The three resistors are in series (it O internal resistance of 1), how much current will flow?
looks like the 10 Q is in parallel with
the 1 Q) resistors, but they are in

series because the same current Solution
flows through them all). The total p.d. for two batteries in series = 12 + 12 = 24V
Figure 5.30 The circuit diagram. 4 10 1Q
12V 12V
10Q
| —— |

Total resistance = 1 + 1 + 10 = 12 ().

Applying Ohm’s law, 1=




Electrical measurement

Measurement of potential difference

The p.d. can be measured using a voltmeter. There are two main types of
voltmeter, digital and analogue.

Dial used to

change from
voltmeter to
ammeter.

The p.d. is the difference in potential between two points. To measure the p.d.
between A and B, one lead of the voltmeter must be connected to A, the other to B.

- Iy
T

g [] Figure 5.31 A multimeterisa
A B common instrument that can measure

—1 1
both p.d. and current. It can also

measure resistance.

©

< Figure 5.32 A voltmeter is connected

from Ato B.
An ideal voltmeter has infinitely high resistance so that it does not take any current
from the circuit.
Measurement of current
To measure the current flowing through a resistor, the ammeter must be connected
so that the same current will flow through the ammeter as flows through the
resistor. This means disconnecting one of the wires and connecting the ammeter.
— — L
@@ (|
R
/ A B
@@ (|
R circuit broken here so | Figure 5.33 The ammeter is
that ammeter can be connected to measure the current
connected through R.

An ideal ammeter has zero resistance so that it doesn’t change the current in the
circuit.




Electrical currents

Figure 5.34

Figure 5.35

Worked example

Calculate the current and potential difference measured by the meters in the
circuit in Figure 5.34. Assume the battery has no internal resistance and that the

meters are ideal.

Solution

2Q 4Q

O
=2+4Q

=6() The two resistors are in series.

Total resistance

I== Applying Ohm's law, to find the current.

So ammeter reading = 1A
V=1IR Applying Ohm'’s law to the 4 Q resistor.
=1X4V
=4V
So the voltmeter reads 4 V.

Find the ammeter and voltmeter readings in the circuits in Figure 5.35. All meters are ideal and the
batteries have no internal resistance. (You can build them in the PhET ‘circuit construction kit'to see

whether your answers agree. )

17 6V 18 6V
| |
I |t
4Q
| I |
10Q 2Q
: |— 2Q 2Q
1 [ 1—
(V)
\/ o\
O,
19 |6V 20 |6V
L L
I |t
n N\
O, O, ®
4Q 4Q
1 1
| I | | I |
2Q 2Q 4Q
1
— T 1+ 1}




Electrical sensors

An electrical sensor is a device whose electrical properties change with changing
physical conditions.

Thermistor

A thermistor is made from a semiconducting material whose resistance decreases
as temperature increases. As the thermistor gets hotter, more charge carriers are
released, so the current can flow more easily.

A
Light sensor (LDR) Figure 5.36 A thermistor.

N

< Figure 5.37 AnLDR.

A light sensor or light-dependent resistor (LDR) is also a semiconducting device,
but, unlike the thermistor, it is light that releases more charge carriers, resulting in
a lower resistance.

Strain gauge

A strain gauge is a thin metal wire. If it is stretched, its length increases and its
cross-sectional area gets smaller. This results in an increase in resistance.

Use of sensors

The resistance of all three sensors varies with some physical property. However,

A

. . . K Figure 5.38 A strain gauge.
it would be much more useful if the devices gave a changing p.d. rather than a

changing resistance. To convert the changing resistance to a changing p.d., we use a
potential divider.

The potential divider
The battery creates a p.d. across the resistors equal to V;,

From Ohm’s law we know that the current in the circuit I = %
Since the total resistance is R, + R,
Vi

1]

R, + R,
The p.d. across R, =V,

out

The current [ = Equation (1)

/ ‘ Figure 5.39 A potential divider circuit
consists of two series resistors.

Applying Ohm’s law to R, gives
Vout = IR2

Ry

Substituting from equation (1) gives
V.=V L T
out — Vin Rl + R2

This is the potential divider formula.




Electrical currents

Figure 5.40

Figure 5.41 An LDR and a potential
divider can be used to operate an
automatic light switch.

>

Worked example

Calculate the output voltage for the potential divider in Figure 5.40.

/

40
nv— Vin
4
12Q Vou
O
Solution
Using the potential divider formula
Vo = Vi o2
out — Vin m
— 12 _
Vou = 125355 =9V

Using the potential divider with sensors

Automatic light switch

o

v electronic
out .
switch

O
O

When light stops shining on the LDR, its resistance increases, resulting in an
increase in V. The increase in V,, in turn activates the electronic switch that
puts on the lights. The electronic switch needs a minimum p.d. to activate it, so it
doesn’t switch on the lights until V,, is big enough.

The important point here is that the electronic switch needs a p.d. to activate it,
hence the need for a potential divider.



Worked example

The battery in Figure 5.41 has an emf of 12V and no internal resistance. The p.d.
required to activate the switch is 5V. Find the value of R, that will cause the lights
to turn on when the resistance of the LDR rises to 200 k().

Solution

V, =12V
R, = 200k}
V..=5V

out

Rearranging the potential divider equation

Vin

B Vout
V.

out

=200k X
= 280 k()

gives R; = R,

(12 —5)
5

Ry
"R, + R,

The fire alarm

When the thermistor gets hot, its
resistance decreases, resulting in
an increased current through R,,
which in turn leads to an increase
in V. The increase in V_,
activates an electronic switch
that rings a bell.

e BN

electronic
switch

B
N
Q—SX—>0
f=4

_|

21 Assume that the circuit in Figure 542 has a 12V battery and a switch that activates when the p.d. is
5V. Calculate the value of R,, if the bell rings when the resistance of the thermistor drops to 1 k2?

Using a strain gauge

A strain gauge can be used

to detect whether parts of a
building are stretching. For
example, a strain gauge stuck to
the underside of a bridge will

be stretched if the bridge bends
when a heavy truck crosses it. If
the strain gauge is connected in a
potential divider circuit, the V,,
can be used to measure how much
the bridge stretches.

Strain gauge
stuck here

—

D

Ry

O«——<—>0

4 Figure 5.42 The fire alarm bell must
ring if the thermistor gets hot.

< Figure 5.43 Strain gauge circuit.

‘ Figure 5.44 As the bridge bends, the
strain gauge gets longer.




Electrical currents

Practice questions

1 This question is about electrical energy and associated phenomena.
A cell of emf £ and internal resistance ris connected in series with a resistor R, as shown
below. The cell supplies 8.1 X 10°J of energy when 5.8 X 103 C of charge moves
completely round the circuit. The current in the circuit is constant.

E
| —
|I | I |
R
—
(i) Calculate the emf £ of the cell. (2)
(ii) The resistor R has resistance 6.0 £). The potential difference between its
terminals is 1.2 V. Determine the internal resistance r of the cell. (3)
(iii) Calculate the total energy transfer in the resistor R. (2)
(iv) Describe, in terms of a simple model of electrical conduction, the mechanism
by which the energy transfer in the resistor R takes place. (5)

2 This question is about a filament lamp.

(@) On the axes below, draw a sketch graph to show the variation with potential
difference V of the current /in a typical filament lamp (the /~V/ characteristic).
(Note: this is a sketch graph; you do not need to add any values to the axes). (1)

VA

o) 7

(b) (i) Explain how the resistance of the filament is determined from the graph. (1)
(ii) Explain whether the graph you have sketched indicates ohmic behaviour or
non-ohmic behaviour. (1)
A filament lamp operates at maximum brightness when connected to a 6.0 V
supply. At maximum brightness, the current in the filament is 120 mA.

(c) (i) Calculate the resistance of the filament when it is operating at maximum
brightness. (1
(ii) You have available a 24 V supply and a collection of resistors of a suitable
power rating and with different values of resistance. Calculate the resistance
of the resistor that is required to be connected in series with the supply such
that the voltage across the filament lamp will be 6.0 V. (2)




3 This question is about electric circuits.
Susan sets up the circuit below in order to measure the current—voltage (/~V)
characteristic of a small filament lamp.
N .

ml —/

30V——

O,

S

L —

The supply is a battery that has an emf of 3.0 V and the ammeter and voltmeter are
considered to be ideal. The lamp is labelled by the manufacturer as ‘3 volts, 0.6 watts'.
(@) (i) Explain what information this labelling provides about the normal operation

of the lamp. (2)
(i) Calculate the current in the filament of the lamp when it is operating at
normal brightness. (2)

Susan sets the variable resistor to its maximum value of resistance. She then closes
the switch S and records the following readings.

Ammeter reading = 0.18 A Voltmeter reading = 0.60 V

She then sets the variable resistor to its zero value of resistance and records the
following readings.

Ammeter reading = 0.20 A Voltmeter reading = 2.6 V

(b) (i) Explain why, by changing the value of the resistance of the variable resistance,
the potential difference across the lamp cannot be reduced to zero or be
increased to 3.0 V. (2)
(i) Determine the internal resistance of the battery. (3)
(c) Calculate the resistance of the filament when the reading on the voltmeter is
(i) 0.60V. (
(i) 2.6V (

(d) Explain why there is a difference between your answers to (c) (i) and (c) (ii).  (2)

(e) Using the axes as in question 2, draw a sketch-graph of the /~V characteristic of
the filament of the lamp. (Note: this is a sketch-graph; you do not need to add any
values to the axis.) (1)

The diagram below shows an alternative circuit for varying the potential difference
across the lamp.

The potential divider XZ has a potential of 3.0 V across it. When the contact is at
the position Y, the resistance of XY equals the resistance of ¥Zwhich equals 12 €.
The resistance of the lamp is 4 €.

(f) Calculate the potential difference across the lamp. (4)




Electrical currents

4 This question is about emf and internal resistance.

A dry cell has an emf £ and internal resistance rand is connected to an external circuit.
There is a current /in the circuit when the potential difference across the terminals of the
cellis V.

(a) State expressions, in terms of £, I/ rand / where appropriate, for

(i) the total power supplied by the cell. (1)

(ii) the power dissipated in the cell. (1)

(iii) the power dissipated in the external circuit. (1)

(b) Use your answers to (a) to derive a relationship between V, £, /and r. (2)

The graph below shows the variation of Vwith /for the dry cell.

1.6
1.51
1.4
1.3
1.21
1.1
1.0
0.90
/v 0.80
0.70
0.60
0.50
0.40
0.301
0.20
0.104

o
0.0 0.10 0.20 0.30 0.40 0.50 0.60 0.70 0.80 0.90 1.0 1.2 1.3
I/A

(c) Draw the circuit that could be used to obtain the data from which the graph was

plotted. (3)
(d) Use the graph, explaining your answers, to
(i) determine the emf £ of the cell. (2)
(ii) determine the current in the external circuit when the resistance R of the
external circuit is very small. (2)
(iii) deduce that the internal restance r of the cell is about 1.2 €). (1)

(e) The maximum power dissipated in the external circuit occurs when the resistance
of the external circuit has the same value as the internal resistance of the cell.
Calculate the maximum power dissipation in the external circuit. (3)




© Ficlds and forces

@ Gravitational force and field

Assessment statements
6.1.1 State Newton's universal law of gravitation.
6.1.2 Define gravitational field strength.

6.1.3 Determine the gravitational field due to one or more point masses.
6.1.4 Derive an expression for gravitational field strength at the surface of a
planet, assuming that all its mass is concentrated at its centre.

6.1.5 Solve problems involving gravitational forces and fields.

Gravitational force and field

We have all seen how an object falls to the ground when released. Newton was
certainly not the first person to realize that an apple falls to the ground when
dropped from a tree. However, he did recognize that the force that pulls the apple
to the ground is the same as the force that holds the Earth in its orbit around the
Sun; this was not obvious - after all, the apple moves in a straight line and the
Earth moves in a circle. In this chapter we will see how these forces are connected.

4 Figure 6.1 The apple drops and the
_____________________ Sun seems to move in a circle, but it is
_____ gravity that makes both things happen.
®
), R |
Newton’s universal law of 6 Was it reasonable for Newton to
gravitation

think that his law applied to the
I whole universe?

Newton extended his ideas further to
say that every single particle of mass
in the universe exerts a force on every
other particle of mass. In other words, < The modem equivalent of the
everything in the universe is attracted apparatus used by Cavendish to
to everything else. So there is a force measure G in 1798,
between the end of your nose and a lump

of rock on the Moon.




Fields and forces

Figure 6.2 The gravitational force
between two point masses.

Figure 6.3 Forces between two
spheres. Even though these bodies
don't have the same mass, the force

on them is the same size. This is due to
Newton'’s third law — if mass m, exerts a
force on mass m, then m, will exert an
equal and opposite force on m;

>

Newton’s universal law of gravitation states that:
every single point mass attracts every other point mass with a force that is
directly proportional to the product of their masses and inversely proportional
to the square of their separation.

F F

Oo— «—O0

m my

If two point masses with mass 1, and m, are separated by a distance r then the
force, E, experienced by each will be given by:
n, 1,
Foo —12
1,.2
The constant of proportionality is the universal gravitational constant G.
G=6.6742 X 107" m’kg 1572

m,; m,

Therefore the equation is F=G "

Spheres of mass

m

m,

—O

By working out the total force between every particle of one sphere and every
particle of another, Newton deduced that spheres of mass follow the same law,
where the separation is the separation between their centres. Every object has a
centre of mass where the gravity can be taken to act. In regularly-shaped bodies,
this is the centre of the object.

How fast does the apple drop?

If we apply Newton’s universal law to the apple on the surface of the Earth, we find
that it will experience a force given by
m,m
F=G %

where:

m; = mass of the Earth = 5.97 X 10* kg

m, = mass of the apple = 250 g
radius of the Earth = 6378 km (at the equator)

So F=243N

r

From Newton’s 2nd law we know that F = ma.

So the acceleration (a) of the apple = % ms?

a=979ms?



This is very close to the average value for the acceleration of free fall on the Earth’s
surface. It is not exactly the same, since 9.82 m s 2 is an average for the whole
Earth, the radius of the Earth being maximum at the equator.

1 The mass of the Moon is 7.35 X 10??kg and the radius 1.74 X 10° km.
What is the acceleration due to gravity on the Moon's surface?

How often does the Earth go around the Sun?

Applying Newton’s universal law, we find that the force experienced by the Earth is

given by:
m, 11,

F=G 2

where
m; = mass of the Sun = 1.99 X 10*° kg
mass of the Earth = 5.97 X 10* kg
r = distance between the Sun and Earth = 1.49 X 10!'m
So F=356X 102N

m,

We know that the Earth travels in an elliptical orbit around the Sun, but we can
take this to be a circular orbit for the purposes of this calculation. From our
knowledge of circular motion we know that the force acting on the Earth towards
the centre of the circle is the centripetal force given by the equation F = m_r"z

So the velocity v = %r

=29846 ms™!
The circumference of the orbit = 27r = 9.38 X 10''m

9.38 X 10"
29 846

=314 X 107 s

Time taken for 1 orbit =

This is equal to 1 year.

This agrees with observation. Newton’s law has therefore predicted two correct
results.

To build your own solar system with
the‘solar system'’simulation from
PhET, visit www.heinemann.co.uk/
hotlinks, enter the express code
4426P and click on Weblink 6.1.

‘ The planets orbit the Sun.

O
I

Here the law is used to make
predictions that can be tested by
experiment.




Fields and forces

Gravitational field

The fact that both the apple and the Earth experience a force without being in
contact makes gravity a bit different from the other forces we have come across.
To model this situation, we introduce the idea of a field. A field is simply a region
of space where something is to be found. A potato field, for example, is a region
where you find potatoes. A gravitational field is a region where you find gravity.
More precisely, gravitational field is defined as a region of space where a mass
experiences a force because of its mass.

So there is a gravitational field in your classroom since masses experience a force

in it.
Field strength on the Earth's O Gravitational field strength (g)
surface: . . . . .
Subsrig Y = ess eFile Er T This gives a measure of how much force a body will experience in the field. It is defined

=597 X 10%kg as the force per unit mass experienced by a small test mass placed in the field.

r = radius of the Earth = 6367 km
gives g = Gm,M/r?

=982Nkg™! strength, g, at that point is given by g = F.
This is the same as the acceleration m
due to gravity, which is what you
might expect, since Newton's 2nd
law says a = F/m.

So if a test mass, m, experiences a force F at some point in space, then the field

gis measured in N kg™!, and is a vector quantity.

Note: The reason a small test mass is used is because a big mass might change the
field that you are trying to measure.

Gravitational field around a spherical object

=

!
(e
J

The force experienced by the mass, #1 is given by;

Figure 6.4 The region surrounding M }
is a gravitational field since all the test
masses experience a force.

F= G%
So the field strength at this point in space, g = %
So g= G]r\—/zl

2 The mass of Jupiter is 1.89 X 10% kg and the radius 71492 km.
What is the gravitational field strength on the surface of Jupiter?

3 What s the gravitational field strength at a distance of 1000 km from the surface of the Earth?

Field lines

Field lines are drawn in the direction that a mass would accelerate if placed in the
field — they are used to help us visualize the field.




The field lines for a spherical mass are shown in Figure 6.5.
The arrows give the direction of the field. Y

The field strength (g) is given by the density of the lines.

Gravitational field close to the Earth

When we are doing experiments close to the Earth, in the classroom for example,
we assume that the gravitational field is uniform. This means that wherever you 4
put a mass in the classroom it is always pulled downwards with the same force. We

say that the field is uniform. A

Figure 6.5 Field lines for a sphere of mass.

< Figure 6.6 Regularly spaced parallel
field lines imply that the field is uniform.

Addition of field

Since field strength is a vector, when we add field strengths caused by several
bodies, we must remember to add them vectorially.

g ‘ Figure 6.7 Vector addition of field
m strength.
x

In this example, the angle between the vectors is 90°. This means that we can use

Pythagoras to find the resultant.
= (s

Worked example

Calculate the gravitational field strength at points A and B in Figure 6.8.

B A < Figure 6.8
® 1000kg ®

«—1m-— 2.5m 2.5m

Solution

The gravitational field strength at A is equal to the sum of the field due to the two

masses.

Field strength due to large mass = G X 1000/2.5* = 1.07 X 1078 Nkg™!

Field strength due to small mass = G X 100/2.5* = 1.07 X 107° Nkg™! o Examiner’s hint: Since field strength

Field strength = 1.07 X 107% — 1.07 X 107 gis a vector, the resultant field strength
=9.63 X 107 Nkg™! equals the vector sum.

4 (Calculate the gravitational field strength at point B.
5 Calculate the gravitational field strength at A if the big mass were changed for a 100 kg mass.




Fields and forces

@ Gravitational potential

Assessment statements

9.2.1 Define gravitational potential and gravitational potential energy.

9.2.2 State and apply the expression for gravitational potential due to a
point mass.

9.2.3 State and apply the formula relating gravitational field strength to
gravitational potential gradient.

9.2.4 Determine the potential due to one or more point masses.

9.2.5 Describe and sketch the pattern of equipotential surfaces due to one
and two point masses.

9.2.6 State the relation between equipotential surfaces and gravitational
field lines.

Gravitational potential in a uniform field

As you lift a mass m from the ground, you do work. This increases the PE of the
object. As PE = mgh, we know the PE gained by the mass depends partly on the
size of the mass () and partly on where it is (gh). The ‘where it is’ part is called
the ‘gravitational potential (V). This is a useful quantity because, if we know it, we
can calculate how much PE a given mass would have if placed there.

Rearranging the equation for PE we get thP_TE so potential is the PE per unit
Contours O mass and has units J kg™

Close to the Earth, lines of

equipotential join points that are In the simple example of masses in a room, the potential is proportional to height,
the same height above the ground.

These are the same as contours on . o ) . .
amap. joining all positions of the same potential we get a line of equal potential, and

these are useful for visualizing the changes in PE as an object moves around the
room.

so a mass m placed at the same height in the room will have the same PE. By

Worked examples

15m- c Referring to Figure 6.9.
i 1 What is the potential at A?
] D . .
1om. . 2 Ifabodyis moved from A to B what is the change
m- . .
1 5 in potential?
i 3 How much work is done moving a 2 kg mass from
5m . A to B?
i A .
] Solutions
Om- 1 V, = ghsopotentialat A = 10 X 3 = 30 kg™!
A _
Figure 6.9 2 V,=30]kg™!

Vy=80Jkg™!
Change in potential = 80 — 30 = 50 J kg™!

3 The work done moving from A to B is equal to the change in
potential X mass = 50 X 2 = 100]




6 What is the difference in potential between C and D?

7 How much work would be done moving a 3 kg mass from D to C?
8 What is the PE of a 3 kg mass placed at B?

9 What is the potential difference between A and E?

10 How much work would be done taking a 2 kg mass from A to E?

Equipotentials and field lines 15m

If we draw the field lines in our 15 m room they will look like
Figure 6.10. The field is uniform so they are parallel and equally
spaced. If you were to move upwards along a field line (A-B), you
would have to do work and therefore your PE would increase.

On the other hand, if you travelled perpendicular to the field
lines (A—E), no work would be done, in which case you must be 5m
travelling along a line of equipotential. For this reason, field lines A
and equipotentials are perpendicular.

AY)

10m

® [T

The amount of work done as you move up is equal to the om

change in potential X mass A
Work = AVm Figure 6.10 Equipotentials and field

lines.
But the work done is also equal to
A

Figure 6.11 Close contours mean a
steep mountain.

force X distance = mgAh
So AV = mgAh

Rearranging gives

AV _
An ¢
or the potential gradient = the field strength.

So lines of equipotential that are close together represent a strong field.

This is similar to the situation with contours as shown in Figure 6.11. Contours
that are close together mean that the gradient is steep and where the gradient is
steep, there will be a large force pulling you down the slope.

In this section we have been dealing with the simplified situation. Firstly we have
only been dealing with bodies close to the Earth, where the field is uniform, and
secondly we have been assuming that the ground is a position of zero potential.
A more general situation would be to consider large distances away from a sphere
of mass. This is rather more difficult but the principle is the same, as are the
relationships between field lines and equipotentials.

Gravitational potential due to a massive sphere

The gravitational potential at point P is defined as:

The work done per unit mass taking a small test mass from a position of zero 6 Infinity

potential to the point P. We can't really take a mass from
infinity and bring it to the point in

In the previous example we took the Earth’s surface to be zero but a better choice question, but we can calculate how

would be somewhere where the mass isn’t affected by the field at all. Since much work would be required if we

did. Is it OK to calculate something

g= Gr—]sz the only place completely out of the field is at an infinite distance from we can naver do?

the mass — so let’s start there.
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Figure 6.12 The journey from infinity >
to point P.

Figure 6.13 Graph of force against }
distance as the test mass is moved
towards M.

Integration O

The integral mentioned here is

Figure 6.14 Graph of potential against ’
distance.

Figure 6.12 represents the journey from infinity to point P, a distance r from a

large mass M. The work done making this journey = — W so the potential V = — W

m

Work done = —W

infinity

The negative sign is because if you were taking mass # from infinity to Pyou
wouldn’t have to pull it, it would pull you. The direction of the force that you would
exert is in the opposite direction to the way it is moving, so work done is negative.

Calculating the work done

There are two problems when you try to calculate the work done from infinity

to P, firstly the distance is infinite (obviously) and secondly the force gets bigger
as you get closer. To solve this problem, we use the area under the force—distance
graph (remember the work done stretching a spring?). From Newton’s universal

law of gravitation we know that the force varies according to the equation:
F= GMm

%)

so the graph will be as shown in Figure 6.13.

r distance from M(x)

—GMm

force

GMm f
5— from
X

The area under this graph can be found by integrating the function —
infinity to r (you'll do this in maths). This gives the result:

W= — GZ\;Im

So the potential, V = ‘/WV = - %/I

The graph of potential against distance is drawn in Figure 6.14. The gradient of
this line gives the field strength, but notice that the gradient is positive and the
_AV

field strength negative so we get the formula g = Ax

distance

potential



Equipotentials and potential wells

If we draw the lines of equipotential for the field around a sphere, we get
concentric circles, as in Figure 6.15. In 3D these would form spheres, in which case
they would be called equipotential surfaces rather the lines of equipotential.

< Figure 6.15 The lines of equipotential
and potential well for a sphere.

An alternative way of representing this field is to draw the hole or well that
these contours represent. This is a very useful visualization, since it not only
represents the change in potential but by looking at the gradient, we can also
see where the force is biggest. If you imagine a ball rolling into this well you
can visualize the field.

Relationship between field lines and potential

If we draw the field lines and the potential as in Figure 6.16, we see that as
before they are perpendicular. We can also see that the lines of equipotential

are closest together where the field is strongest (where the field lines are

most dense). This agrees with our earlier finding that g = —Av

Ax

4 Figure 6.16 Equipotentials and field
lines.

Addition of potential

Potential is a scalar quantity, so adding potentials is just a matter of adding
the magnitudes. If we take the example shown in Figure 6.17, to find the
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potential at point P we calculate the potential due to A and B then add them
together.

Figure 6.17 Two masses. ’

® T

@ Hint: When you add field strengths

you have to add them vectorially,

making triangles using Pythagoras

etc. Adding potential is much simpler M,
because it's a scalar.

The total potential at P = —

GM, 4 GM,
A

]

The lines of equipotential for this example are shown in Figure 6.18.

Figure 6.18 Equipotentials and }
potential wells for two equal masses. If

you look at the potential well, you can
imagine a ball could sit on the hump
between the two holes. This is where

the field strength is zero.

]

11 The Moon has a mass of 7.4 X 10%?kg and the Earth has mass of 6.0 X 10?*kg. The average
distance between the Earth and the Moon is 3.8 X 10°km. If you travel directly between the
Earth and the Moon in a rocket of mass 2000 kg
(@) calculate the gravitational potential when you are 1.0 X 10*km from the Moon
(b) calculate the rocket’s PE at the point in part (@)

(c) draw a sketch graph showing the change in potential
(d) mark the point where the gravitational field strength is zero.

@ Escape speed

Assessment statements

9.2.7 Explain the concept of escape speed from a planet.

9.2.8 Derive an expression for the escape speed of an object from the
surface of a planet.

9.2.9 Solve problems involving gravitational potential energy and
gravitational potential.

If a body is thrown straight up, its KE decreases as it rises. If we ignore air
resistance, this KE is converted into PE. When it gets to the top, the final PE will
equal the initial KE, so m? = mgh.




If we throw a body up really fast, it might get so high that the gravitational field
strength would start to decrease. In this case, we would have to use the formula
for the PE around a sphere.

GMm

PE = — 2%

So when it gets to its furthest point as shown in Figure 6.19

loss of KE = gain in PE
1

L2 — 0 = _GMm _ _ GMm
2 R, Rg

If we throw the ball fast enough, it will never come back. This means that it has
reached a place where it is no longer attracted back to the Earth, infinity. Of course
it can’t actually reach infinity but we can substitute R, = oo into our equation to
find out how fast that would be.

Rg
1., _ GMm
5mv = RE

R o _ [2GM
earranging gives: Vescape — Ry

If we calculate this for the Earth it is about 11 kms™ L.

Why the Earth has an atmosphere but the Moon doesn’t

The average velocity of an air molecule at the surface of the Earth is about
500 ms~!. This is much less than the velocity needed to escape from the Earth, and
for that reason the atmosphere doesn’t escape.

The escape velocity on the Moon is 2.4 km s ™! so you might expect the Moon
to have an atmosphere. However, 500 m s~ ! is the average speed; a lot of the
molecules would be travelling faster than this leading to a significant number
escaping, and over time all would escape.

Black holes

A star is a big ball of gas held together by the gravitational force. The reason

this force doesn’t cause the star to collapse is that the particles are continuously
given KE from the nuclear reactions taking place (fusion). As time progresses, the
nuclear fuel gets used up, so the star starts to collapse. As this happens, the escape
velocity increases until it is bigger than the speed of light, at this point not even
light can escape and the star has become a black hole.

12 The mass of the Moon is 7.4 X 10?2 kg and its radius is 1738 km. Show that its escape speed
is24kms™.

13 Why doesn't the Earth's atmosphere contain hydrogen?

14 The mass of the Sun is 2.0 X 10°° kg. Calculate how small its radius would have to be for it to
become a black hole.

15 When travelling away from the Earth, a rocket runs out of fuel at a distance of 1.0 X 10° km.
How fast would the rocket have to be travelling for it to escape from the Earth?
(Mass of the Earth = 6.0 X 10?*kg, radius = 6400 km.)

Figure 6.19 A mass m thrown away
from the Earth.

@

Air resistance

If you threw something up with a
velocity of 11 km s~ it would be
rapidly slowed by air resistance. The
work done against this force would
be converted to thermal energy
causing the body to vaporize.
Rockets leaving the Earth do not
have to travel anywhere near

this fast, as they are not thrown
upwards, but have a rocket engine
that provides a continual force.

How can light be slowed down

by the effect of gravity, when
according to Newton's law, it has
no mass, therefore isn't affected
by gravity? This can't be explained
by Newton's theories, but Einstein
solved the problem with his
general theory of relativity.
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@ Orbital motion

Assessment statements

9.4.1 State that gravitation provides the centripetal force for circular orbital motion.

9.4.2 Derive Kepler's third law.

9.4.3 Derive expressions for the kinetic energy, potential energy and total
energy of an orbiting satellite.

9.4.4 Sketch graphs showing the variation with orbital radius of the kinetic
energy, gravitational potential energy and total energy of a satellite.

9.4.5 Discuss the concept of weightlessness in orbital motion, in free fall and
in deep space.

9.4.6 Solve problems involving orbital motion.

An artist’s impression of the solar ’
system.

The solar system

The solar system consists of the Sun at the centre surrounded by eight orbiting
planets. The shape of the orbits is actually slightly elliptical but to make things
simpler, we will assume them to be circular. We know that for a body to travel in
a circle, there must be an unbalanced force (called the centripetal force, mw?r)

acting towards the centre. The force that holds the planets in orbit around the
GMm

r

o
Kepler thought of his law before 6
Newton was born, so couldn't have
derived the equation in the way
we have here. He came up with Sun is the gravitational force
the law by manipulating the data

. Equating these two expressions gives us an

equation for orbital motion.

that had been gathered from many GMm

years of measurement, realizing ma?r = 2 (1)

that if you square the time period . . .
) g N - Now w is the angular speed of the planet, that is the angle swept out by a radluzsﬂ_
always get the same number. per unit time. If the time taken for one revolution (27 radians) is T'then w = N

Substituting into equation (1) gives
(277')2 _ GMm
m==|r=

T 2
Rearranging gives: I _ 4w
’ P GM

where M is the mass of the Sun.

So for planets orbiting the Sun, 77;2 is a constant, or 1?2 is proportional to 3.

This is Kepler’s third law.




From this we can deduce that the planet closest to the Sun (Mercury) has a shorter
time period than the planet furthest away. This is supported by measurement:

Time period of Mercury = 0.24 years.
Time period of Neptune = 165 years.

.
I, (@) oo oot

visit www.heinemann.co.uk/
16 Use a database to make a table of the values of time period and radius for all the planets. Plot a hotlinks, enter the express code

graph to show that T2 is proportional to r. 4426P and click on Weblink 6.2.

Energy of an orbiting body
As planets orbit the Sun they have KE due to their movement and PE due to their
position. We know that their PE is given by the equation:

pE = — GMm

and KE = %mvz

We also know that if we approximate the orbits to be circular then equating the

centripetal force with gravity gives:
@ Hint: There are two versions of the

GJ\;Im = TVZ equation for centripetal force
r GM Speed version:
Rearranging and multiplying by 1 gives T2 = Zrm F= WTVZ
KE — GMm Angular speed version:
2r F = maw’r
The total energy = PE + KE = — GZ\;Im + G]z\/im
Total energy = - sz\/im

Earth satellites

The equations we have derived for the orbits of the planets also apply to the
satellites that man has put into orbits around the Earth. This means that the
satellites closer to the Earth have a time period much shorter than the distant ones.
For example, a low orbit spy satellite could orbit the Earth once every two hours
and a much higher TV satellite orbits only once a day.

GMm
2r
(big r) is less negative and hence bigger than a low orbit. To move from a low orbit

The total energy of an orbiting satellite = — so the energy of a high satellite

into a high one therefore requires energy to be added (work done).

Imagine you are in a spaceship orbiting the Earth in a low orbit. To move into a
higher orbit you would have to use your rocket motor to increase your energy.

If you kept doing this you could move from orbit to orbit, getting further and
further from the Earth. The energy of the spaceship in each orbit can be displayed
as a graph as in Figure 6.20 (overleaf).

From the graph we can see that low satellites have greater KE but less total energy
than distant satellites, so although the distant ones move with slower speed, we

have to do work to increase the orbital radius. Going the other way, to move from
a distant orbit to a close orbit, the spaceship needs to lose energy. Satellites in low
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Earth orbit are not completely out of the atmosphere, so lose energy due to air
resistance. As they lose energy they spiral in towards the Earth.

Figure 6.20 Graph of KE, PE and total ’ energy/4
energy for a satellite with different "
orbital radius. KE = 2rm

orbit radius

_ —GMm
Total £ = —25 "~

The physicist Stephen Hawking
experiencing weightlessness in a free
falling aeroplane.

v  Weightlessness

The only place you can be truly without weight is a place where
there is no gravitational field; this is at infinity or a place where
the gravitational fields of all the bodies in the universe cancel
out. If you are a long way from everything, somewhere in the
middle of the universe, then you could say that you are pretty
much weightless.

To understand how it feels to be weightless, we first need to
think what it is that makes us feel weight. As we stand in a room
we can’t feel the Earth pulling our centre downwards but we can
feel the ground pushing our feet up. This is the normal force
that must be present to balance our weight. If it were not there
we would be accelerating downwards. Another thing that makes
us notice that we are in a gravitational field is what happens
to things we drop; it is gravity that pulls them down. Without gravity they would
float in mid-air. So if we were in a place where there was no gravitational field
then the floor would not press on our feet and things we drop would not fall. It
would feel exactly the same if we were in a room that was falling freely as in Figure
. * 6.21. If we accelerate down along with the room then the only force acting on us
i

g is our weight; there is no normal force between the floor and our feet. If we drop
+ something it falls with us. From outside the room we can see that the room is in
g a gravitational field falling freely but inside the room it feels like someone has
A turned off gravity (not for long though). An alternative and rather longer lasting
Figure 6.21 As the room, the man and way of feeling weightless is to orbit the Earth inside a space station. Since the space

the ball accelerate downwards, the man

A : station and everything inside it is accelerating towards the Earth, it will feel exactly
will feel weightless.

like the room in Figure 6.21, except you won't hit the ground.

17 So that they can stay above the same point on the Earth, TV satellites have a time period equal to
one day. Calculate the radius of their orbit.

18 A spy satellite orbits 400 km above the Earth. If the radius of the Earth is 6400 km, what is the
time period of the orbit?

19 If the satellite in question 18 has a mass of 2000 kg, calculate its
(a) KE
(b) PE
(c) total energy.




@ Electric force and field

Assessment statements

6.2.1 State that there are two types of electric charge.

6.2.2 State and apply the law of conservation of charge.

6.2.3 Describe and explain the difference in the electrical properties of
conductors and insulators.

6.2.4 State Coulomb’s law.

6.2.5 Define electric field strength.

6.2.6 Determine the electric field strength due to one or more point charges.

6.2.7 Draw the electric field patterns for different charge configurations.

6.2.8 Solve problems involving electric charges, forces and fields.

Electric force

So far we have dealt with many forces; for example, friction, tension, upthrust,
normal force, air resistance and gravitational force. If we rub a balloon on a
woolen pullover, we find that the balloon is attracted to the wool of the pullover —
this cannot be explained in terms of any of the forces we have already considered,
so we need to develop a new model to explain what is happening. First we need to
investigate the effect.

Consider a balloon and a woollen pullover — if the balloon is rubbed on the
pullover, we find that it is attracted to the pullover. However, if we rub two
balloons on the pullover, the balloons repel each other.

Whatever is causing this effect must have two different types, since there are two
different forces. We call this force the electric force.

9 90

balloon attracts balloons repel
to wool each other

Charge

The balloon and pullover must have some property that is causing this force. We
call this property charge. There must be two types of charge, traditionally called
positive (+ve) and negative(—ve). To explain what happens, we can say that, when
rubbed, the balloon gains —ve charge and the pullover gains +ve charge. If like
charges repel and unlike charges attract, then we can explain why the balloons
repel and the balloon and pullover attract.

N
6 This is another example of how
. models are used in physics.

4 Figure 6.22 Balloons are attracted to
the wool but repel each other.

You can try this with real balloons
or, to use the simulation ‘Balloons
and static electricity; visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 6.3.
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Figure 6.23 The force is due to }

charges.

Here +ve and —ve numbers are 6
used to represent something

that they were not designed to

represent.

Figure 6.24 Charges cancel each }

other out.

Figure 6.25 Field is in the direction in ’
which a +ve charge would accelerate.

+

990

unlike charges like charges
attract repel

The unit of charge is the coulomb (C).

Conservation of charge

If we experiment further, we find that if we rub the balloon more, then the force
between the balloons is greater. We also find that if we add +ve charge to an equal
—ve charge, the charges cancel.

99 ¢

more force no force

T+t
|4t 14

We can add and take away charge but we cannot destroy it.

The law of conservation of charge states that charge can neither be created nor
destroyed.

Electric field

We can see that there are certain similarities with the electric force and gravitational
force; they both act without the bodies touching each other. We used the concept of
a field to model gravitation and we can use the same idea here.

Electric field is defined as a region of space where a charged object experiences a
force due to its charge.

Field lines

O—

which direction is
the field?

Field lines can be used to show the direction and strength of the field. However,
because there are two types of charge, the direction of the force could be one of
two possibilities.

It has been decided that we should take the direction of the field to be the
direction that a small +ve charge would accelerate if placed in the field. So we will
always consider what would happen if +ve charges are moved around in the field.
The field lines will therefore be as shown in Figures 6.26 to 6.28.



Coulomb’s law

In a gravitational field, the force between masses is given by Newton’s law, and the
equivalent for an electric field is Coulomb’s law.

Coulomb’s law states that the force experienced by two point charges is directly
proportional to the product of their charge and inversely proportional to the
square of their separation.

The force experienced by two point charges Q, and Q, separated by a distance rin
a vacuum is given by the formula

QQ,
1,.2
The constant of proportionality k = 9 X 10° Nm? C™?

F=k

Note: Similarly to gravitational fields, Coulomb’s law also applies to spheres of
charge, the separation being the distance between the centres of the spheres.

Electric field strength (E)

The electric field strength is a measure of the force that a +ve charge will
experience if placed at a point in the field. It is defined as the force per unit charge
experienced by a small +ve test charge placed in the field.

So if a small +ve charge g experiences a force F in the field, then the field strength
at that point is given by E = E. The unit of field strength is NC™', and it is a vector
quantity. 1

Worked examples

A 5 nC point charge is placed 20 cm from a 10 pC point charge.
1 Calculate the force experienced by the 5 wC charge.

2 What is the force on the 10 wC charge?

3 What is the field strength 20 cm from the 10 pC charge?

4 Figure 6.26 Field lines close to a
sphere of charge.

| Figure 6.27 Field due to a dipole.

‘ Figure 6.28 A uniform field.

In the PhET simulation‘Charges and
fields'you can investigate the force
experienced by a small charge as it
is moved around an electric field. To
try this, visit www.heinemann.co.uk/
hotlinks, enter the express code
4426P and click on Weblink 6.4.
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e Examiner’s hint: Field strength is
defined as the force per unit charge so
if the force ona 5 wC chargeis 11.25N,
the field strength E is equal to 11.25N
divided by 5 nC.

e Examiner’s hint: When solving field
problems you always assume one of the
charges is in the field of the other. E.g

in Example 1 the 5 nC charge is in the
field of the 10 wC charge. Don't worry
about the fact that the 5 wC charge also
creates a field — that's not the field you are
interested in.

Figure 6.29 In a uniform field the force >
on a charge g is the same everywhere.

Solutions .
1 Using the equation F= %
Q=5X10°C,Q,=10X10"°Cand r= 0.20m

9 X 10X 5X107¢X 10 X 10~°

F =
0.20?

=11.25N

N

2 According to Newton’s third law, the force on the 10 wC charge is the same as
the 5 nC.

11.25

3 Force per unit charge = 5% 10-6

E=225X10°NC™!

20 If the charge on a 10 cm radius metal sphere is 2 nC, calculate
(a) the field strength on the surface of the sphere
(b) the field strength 10 cm from the surface of the sphere
(c) the force experienced by a 0.1 nC charge placed 10 cm from the surface of the sphere.
21 A small sphere of mass 0.01 kg and charge 0.2 w.C is placed at a point in an electric field where
the field strength is 0.5 NC™".
(@) What force will the small sphere experience?
(b) If no other forces act, what is the acceleration of the sphere?

Electric field strength in a uniform field

A uniform field can be created between two parallel plates of equal and opposite
charge as shown in Figure 6.29. The field lines are parallel and equally spaced. If
a test charge is placed in different positions between the plates, it experiences the
same force.

+
L=
|
+—
+ —
L ‘n
+—
+—>
>
M

+

So if a test charge g is placed in the field above, then E = E everywhere between
the two charged plates. :

Worked example

If a charge of 4 wC is placed in a uniform field of field strength 2 N C~! what force
will it experience?

Solution

F=EQ
=2X4X10°N
= 8§ uN

Rearranging the formula £ =

Qlm




Electric field strength close to a sphere of charge

F
a(QO—»
+Q
< r
From definition: E= 17;
From Coulomb’s law: F= k%
Substituting: E= r—%

Addition of field strength

Field strength is a vector, so when the field from two negatively charged bodies
act at a point, the field strengths must be added vectorially. In Figure 6.31, the
resultant field at two points A and B is calculated. At A the fields act in the same

line but at B a triangle must be drawn to find the resultant.

B
E E,

A
v

E, E,

Worked example

R

e

A B
‘ EB EA ‘
—r—>

<«—10cm—> 20cm

Two +10 wC charges are separated by 30 cm. What is the field strength between

the charges 10 cm from A?

Solution

99X 10°X 10 X 107°

Field strength due to A, E, = RE

=9 X 10°NC™!
Ey

_9IX10PX 10X 10°°

0.2?
=225 X 10°NC™!
Resultant field strength
=6.75 X 10°NC™!

= (9 —2.25) X 10°NC"!

(to the left)

< Figure 6.30

4 Figure 6.31 Since both charges are
negative, the field strength is directed
towards the charges. Since they are at
right angles to each other, Pythagoras
can be used to sum these vectors.

< E; is the field due to the charge on the
left, E4 is due to the charge on the right.
E; is bigger than E, because the charge
on the left is closer.
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@ Electrical potential

Assessment statements

9.3.1 Define electric potential and electric potential energy.

9.3.2 State and apply the expression for electric potential due to a point
charge.

9.3.3 State and apply the formula relating electric field strength to electric
potential gradient.

9.3.4 Determine the potential due to one or more point charges.

9.3.5 Describe and sketch the pattern of equipotential surfaces due to one
and two point charges.

9.3.6 State the relation between equipotential surfaces and electric field
lines.

9.3.7 Solve problems involving electric potential energy and electric
potential.

The concept of electric potential is very similar to that of gravitational potential;
it gives us information about the amount of energy associated with different
points in a field. We have already defined electric potential difference in relation
to electrical circuits; it is the amount of electrical energy converted to heat when
a unit charge flows through a resistor. In this section we will define the electric
potential in more general terms.

Electric potential energy and potential

+
.
N
"
N
.
.

| When we move a positive charge around in an electric field we have to
do work on it. If we do work we must give it energy. This energy is not
increasing the KE of the particle so must be increasing its PE, and so we

+

call this electric potential energy. Let us first consider the uniform field
shown in Figure 6.32. In order to move a charge + g from A to B, we need
_ to exert a force that is equal and opposite to the electric force, Eq. As we

«— > —>
m
Q

| move the charge we do an amount of work equal to Eqh. We have therefore

z»

igure 6.32

Positive charge O

Note that the potential is defined in
terms of a positive charge.

increased the electrical PE of the charge by the same amount, so PE = Egh.

This is very similar to the room in Figure 6.9; the higher we lift the positive charge,
the more PE it gets. In the same way we can define the potential of different points
as being the quantity that defines how much energy a given charge would have if
placed there.

Electric potential at a point is the amount of work per unit charge needed to
take a small positive test charge from a place of zero potential to the point.

The unit of potential is JC™! or volts.
Potential is a scalar quantity.

In this example if we define the zero in potential as the bottom plate, then the
potential at B, V; = Eh

Since the potential is proportional to s we can deduce that all points a distance h
from the bottom plate will have the same potential. We can therefore draw lines



of equipotential as we did in the gravitational field. Figure 6.33 shows an example
with equipotentials.

L |
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Refer to Figure 6.33 for Questions 22-27.

22 What is the potential difference (p.d.) between A and C?

23 What is the p.d. between B and D?

24 |f a charge of +3 C was placed at B, how much PE would it have?

25 If a charge of +2 C was moved from C to B, how much work would be done?
26 If a charge of —2 C moved from A to B, how much work would be done?

27 If acharge of +3 Cwas placed at B and released
(@) what would happen to it?
(b) how much KE would it gain when it reached A?

Potential and field strength

In the example of a uniform field the change in potential AV when a charge is
moved a distance Ah is given by

AV = EAh
Rearranging gives E = i_‘h/’ the field strength = the potential gradient. So in the
1 1 76 X: -1
example of Figure 6.33 the field strength is 3 X 102 m 200N C

Potential due to point charge

The uniform field is a rather special case; a more general example would be to
consider the field due to a point charge. This would be particularly useful since all
bodies are made of points; so if we know how to find the field due to one point we
can find the field due to many points. In this way we can find the field caused by
any charged object.

Consider a point P a distance r from a point charge Q as shown in Figure 6.34. The
potential at P is defined as the work done per unit charge taking a small positive
test charge from infinity to P.

Work done = +W
+ P ooaemmeel LT
.O r o RIS "--@

infinity

4 Figure 6.33

The electronvolt (eV)

This is a unit of energy used in
atomic physics. 1 eV = energy
gained by an electron accelerated
through a p.d. of 1V.

Contours

The lines of equipotential are again
similar to contour lines but this
time there is no real connection to
gravity. Any hills and wells will be
strictly imaginary.

Permittivity
The constant k = 9 X 10°Nm? C—2

This can also be expressed in terms
of the permittivity of a vacuum, €,

_

41re,

€ = 885X 1072C2N~"'m™2
The permittivity is different for
different media but we will only be
concerned with fields in a vacuum.

< Figure 6.34 A positive charge is taken
from infinity to point P.
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force Again we have used infinity as our zero of potential. To solve this we
must find the area under the graph of force against distance, as we did
in the gravity example.

Figure 6.35 shows the area that represents the work done. Notice that
this time the force is positive as is the area under the graph. The area

under this graph is given by the equation 15 the work done is

-
kQq given by:
XZ
kQq
W=——
r distance fromM () pe potential is the work done per unit charge so V = k—?
A
Figure 6.35 Graph of force against The potential therefore varies as shown by the graph in Figure 6.36.

distance as charge +q approaches +Q

potential

Potential gradient @ \

The potential gradient is related to
the field strength by the equation . ) )
Figure 6.36 Graph of potential against }
Z—\; =—F distance for a positive charge
We can see that this is negative kQ

because the gradient of V against
X is negative but the field strength
is positive.

\\

—

distance

Equipotentials, wells and hills

If we draw lines of equipotential for a point charge we get concentric circles as
shown in Figure 6.37. These look just the same as the gravitational equipotentials
of Figure 6.15. However, we must remember that if the charge is positive, the
potential increases as we get closer to it, rather than decreasing as in the case of
gravitational field. These contours represent a hill not a well.

Figure 6.37 The equipotentials and >
potential hill of a positive point charge.

28 Calculate the electric potential a distance 20 cm from the centre of a small sphere of charge
+50 uC.

29 Calculate the p.d. between the point in question 28 and a second point 40 cm from the centre of
the sphere.




Addition of potential ® Hint: Zero potential is not zero field.

If we look at the hill and well in Figure 6.39, we

can see that there is a position of zero potential in
between the two charges (where the potentials
cancel). This is not, however, a position of zero field
Examp|e since the fields will both point towards the right in
between the charges.

Since potential is a scalar there is no direction to worry about when
adding the potential from different bodies — simply add them together.

At point P in Figure 6.38 the combined potential is given by:

ve i o2 / SN

n r
The potential of combinations of charging can be visualized by drawing lines
of equipotentials. Figure 6.39 shows the equipotentials for a combination of a + & -
positive and negative charge (a dipole). This forms a hill and a well, and we can get + N _ B
a feeling for how a charge will behave in the field by imagining a ball rolling about s -
on the surface shown. A

Figure 6.38

4 Figure 6.39 Equipotentials for a
dipole.

Refer to Figure 6.40 for questions 30-36.

4 Figure 6.40 The lines of equipotential
,./ ] drawn every 10V for two charges Q;
- = and Q,
/ el ~~
T /
/ T \ N
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30 (a) One of the charges is positive and the other is negative. Which is which?
(b) If a positive charge were placed at A, would it move, and if so, in which direction?

31 At which point A, B, C, D or F is the field strength greatest?
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The electronvolt (eV) O 32 What is the p.d. between the following pairs of points?

The electronvolt is a unit of (@) AandC (b) CandE () BandE

electrical PE often used in atomic 33 How much work would be done taking a +2 C charge between the following points?

and nuclear physics. 1eV is the (@) CtoA (b) EtoC (c) BtoE

amount of energy gained by an 34 Using the scale on the diagram, estimate the field strength at point D. Why is this an estimate?

ELG]CI/I’OH accelerated through a pd. 35 Write an equation for the potential at point A due to Q, and Q.. If the charge Q; is 1nC, find the
‘ value Q,.

36 If an electron is moved between the following points, calculate the work done in eV (remember
an electron is negative).
(@) EtoA (b) CtoF () AtoC

Magnetic force and field

Assessment statements

6.3.1 State that moving charges give rise to magnetic fields.

6.3.2 Draw magnetic field patterns due to currents.

6.3.3 Determine the direction of the force on a current-carrying conductor in
a magnetic field.

6.3.4 Determine the direction of the force on a charge moving in a magnetic
field.

6.3.5 Define the magnitude and direction of a magnetic field.

6.3.6  Solve problems involving magnetic forces, fields and currents.

What is a magnet?

We all know that magnets are the things that stick notes to fridge doors, but do we
understand the forces that cause magnets to behave in this way?

Magnetic poles
A

Not all magnets are man-made;
certain rocks (for example, this piece of
magnetite) are naturally magnetic.

.
There is evidence in ancient Greek

and Chinese writing, that people
knew about magnets more than
2600 years ago. We do not know
who discovered the first magnet,
but since antiquity it was known
that if a small piece of magnetite
was suspended on a string and
held close to another larger piece,
the small one experienced a
turning force, causing it to rotate.

It was also found that if the small 4 he north-seeking pole (red)
rock was held on its own, it would always points to the north.
always turn to point toward the

North Pole. The end of the rock Every magnet has two poles (north and south). A magnet is therefore called a

that pointed north was named the
north-seeking pole, the other end
was named the south-seeking pole.

dipole. It is not possible to have a single magnetic pole or monopole. This is not
the same as electricity where you can have a dipole or monopoles. If you cut a
magnet in half, each half will have both poles.
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magnetic dipoles electric dipole and monopoles

N s s =] [=]

Unlike poles attract

If we take two magnets and hold them next to each other, we find that the magnets
will turn so that the S and N poles come together.

N ’ ) S
I
R N

N

s |
N
S

[N

S

We can therefore conclude that the reason that a small magnet points toward the
North Pole of the Earth is because there is a south magnetic pole there. This can be
a bit confusing, but remember that the proper name for the pole of the magnet is
north-seeking pole.

Magnetic field

Magnetism is similar to gravitational force and electric force in that the effect is
felt even though the magnets do not touch each other; we can therefore use the
concept of field to model magnetism. However, magnetism isn’t quite the same; we
described both gravitational and electric fields in terms of the force experienced
by a small mass or charge. A small magnet placed in a field does not accelerate — it
rotates, and therefore magnetic field is defined as a region of space where a small
test magnet experiences a turning force.

Since a small magnet rotates if held above the Earth, we can therefore conclude
that the Earth has a magnetic field.

Magnetic field lines

In practice, a small compass can be used as our test magnet. Magnetic field lines

are drawn to show the direction that the N pole of a small compass would point if
placed in the field.

4 Figure 6.41 Magnets are dipoles.

< Figure 6.42 Magnets experience a
turning force causing unlike poles to
come together.

‘ Figure 6.43 The north-seeking pole of
a compass points north.

|
To plot magnetic fields on the PhET
‘Faraday’s electromagnetic lab; visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 6.5.

4 Figure 6.44 The small magnet
is caused to turn, so must be in a
magnetic field.
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Figure 6.45 If the whole field were 4 /7=~ N\
covered in small magnets, then they f 7/ o =~ 3\
would show the direction of the field 7 - = 3 )

lines.

— N

Magnetic flux density (B)
From what we know about fields, the strength of a field is related to the density of

N NN\t g s
~ s VY, s -
e ww N\ J 5 o
- > 2 4\ . - -
s &7 4\ =
s 2 74 4\ N\ N N

Bfield O , . . .

Since the letter Bis used to denote field hnfes. This tells. us that the ma%gnetlc ﬁeld is strongest close to the poles. The

flux density, the magnetic field is magnetic flux density is the quantity that is used to measure how strong the field

often called a Bfield. is — however it is not quite the same as field strength as used in gravitational and
electric fields.

The unit of magnetic flux density is the tesla (T) and it is a vector quantity.

Field caused by currents

Figure 6.47 The field due to a long } 4 current

straight wire carrying a current is in the
form of concentric circles so the field is
strongest close to the wire.

e s

A thumb in direction
of current

fingers curl in
direction of field

If a small compass is placed close to a straight wire carrying an electric current,
then it experiences a turning force that makes it always point around the wire. The
region around the wire is therefore a magnetic field. This leads us to believe that
magnetic fields are caused by moving charges.




Field inside a coil

When a current goes around a circular loop, the magnetic field forms circles.

< Figure 6.48 The direction of the
field can be found by applying the
right-hand grip rule to the wire. The
circles formed by each bit of the loop
add together in the middle to give a
stronger field.

The field inside a solenoid

. current out < Figure 6.49 The direction of the field
currentinto of solenoid . lensite) ez b foune) wsie) i
the solenoid in a solenoid can be found using the

* T grip rule on one coil.

fingers curl in
direction of field

The resulting field pattern is like that of a bar magnet but the lines continue
through the centre.

4 Figure 6.50 The field inside a solenoid.

Force on a current-carrying conductor

We have seen that when a small magnet is placed in a magnetic field, each end
experiences a force that causes it to turn. If a straight wire is placed in a magnetic
field, it also experiences a force. However, in the case of a wire, the direction of the
force does not cause rotation — the force is in fact perpendicular to the direction of
both current and field.




Fields and forces

Figure 6.51 Force, field and current are ’ force 4
at right angles to each other.

field

Definition of the ampere O m

The ampere is defined in terms

of the force between two parallel The size of this force is dependent on:
i LA . .
current carrying conductors e how strong the field is — flux density B
current of 1 A causes a force of . . .
2 X 107N per meter between two e how much current is flowing through the wire — I
long parallel wires placed 1 m apart e the length of the wire — [

in a vacuum. . . . .
If Bis measured in tesla, I in amps and /in metres,

F= BIl

Figure 6.52 Using Fleming's left hand ’
rule to find the direction of the force.

force

Figure 6.53 Field into the page can
be represented by crosses, and field
out by dots. Think what it would be like
looking at an arrow from the ends.

Vrrent

v
X X X
Worked example
X X X ?
What is the force experienced by a 30 cm long straight wire carrying a 2 A current,
X X placed in a perpendicular magnetic field of flux density 6 wT?
° ° ° Solution
B=6uT e Examiner’s hint: Use the formula F=BX IX |
L] L] L] I — 2A
. . [=0.3m
F=6X1075X2 X 0.3uN
= 3.6 LN

37 A straight wire of length 0.5 m carries a current of 2 A in a north-south direction. If the wire is
placed in a magnetic field of 20 w.T directed vertically downwards
(@) what is the size of the force on the wire?
(b) what is the direction of the force on the wire?

38 A vertical wire of length Tm carries a current of 0.5 A upwards. If the wire is placed in a magnetic
field of strength 10 T directed towards the N geographic pole
(a) what is the size of the force on the wire?
(b) what is the direction of the force on the wire?




Charges in magnetic fields

X X X X X X 4 Figure 6.54 The force experienced
current by each electron is in the downward
o—> @—> electron direction. Remember the electrons
X magnetic field flow in the opposite direction to the
conventional current.
; ; force
X X X X X

From the microscopic model of electrical current, we believe that the current is

made up of charged particles (electrons) moving through the metal. Each electron The force on each charge g moving
experiences a force as it travels through the magnetic field; the sum of all these with velocity v perpendicular to a
forces gives the total force on the wire. If a free charge moves through a magnetic field Bis given by the formula

field, then it will also experience a force. The direction of the force is always F=8qv.

perpendicular to the direction of motion, and this results in a circular path.

4 Figure 6.55 Wherever you apply
Fleming's left hand rule, the force is
always towards the centre.

@ Hint: Remember — the electron
is negative, so current is in opposite
direction to electron flow.

@ Electromagnetic induction

Assessment statements

12.1.1 Describe the inducing of an emf by relative motion between a
conductor and a magnetic field.

12.1.2 Derive the formula for the emf induced in a straight conductor moving
in a magnetic field.

12.1.3 Define magnetic flux and magnetic flux linkage.

12.1.4 Describe the production of an induced emf by a time-changing
magnetic flux.

12.1.5 State Faraday’s law and Lenz’s law.

12.1.6 Solve electromagnetic induction problems.

Conductor moving in a magnetic field

We have considered what happens to free charges moving in a magnetic field,
but what happens if these charges are contained in a conductor? Figure 6.56 B X X X X
shows a conductor of length L moving with velocity v through a perpendicular
field of flux density B. We know from our microscopic model of conduction that O
conductors contain free electrons. As the free electron shown moves downwards
through the field it will experience a force. Using Fleming’s left hand rule, we i
can deduce that the direction of the force is to the left. (Remember, the electron X X X X
is negative so if it is moving downwards the current is upwards.) This force will A
cause the free electrons to move to the left as shown in Figure 6.57. We can see Figure 6.56 A conductor moving
that the electrons moving left have caused the lattice atoms on the right to become AL (AR e U IS e
(200
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Figure 6.57 Current flows from high
potential to low potential.

v
B
X X X X
N Low High
Potential Potential
L

Figure 6.58 A constant force must

X X X X

be applied to the conductor to keep it

moving.

Figure 6.

59 The electric and magnetic

forces acting on the electron are

balanced.

v

B
X X X X

>

©)
e
Q

L
X X X X

positive, and there is now a potential difference between the ends of the conductor.
The electrons will now stop moving because the B force pushing them left will be
balanced by an E force pulling them right.

Induced emf

If we connect this moving conductor to a resistor, a current would flow, as the
moving wire is behaving like a battery. If current flows through a resistor then
energy will be released as heat. This energy must have come from the moving
wire. When a battery is connected to a resistor, the energy released comes
from the chemical energy in the battery. We defined the amount of chemical
energy converted to electrical energy per unit charge as the emf. We use the
same quantity here but call it the induced emf.

The emf is the amount of mechanical energy converted into electrical
energy per unit charge.

The unit of induced emf is the volt.

Conservation of energy

When current flows through the resistor, current will also flow from left to right
through the moving conductor. We now have a current carrying conductor in

a magnetic field, allowing more electrons to move to the right. There is now a
current flowing through the conductor from right to left. We now have a current-
carrying conductor in a magnetic field, which, according to Fleming’s left hand
rule, will experience a force upwards (see Figure 6.58). This means that to keep it
moving at constant velocity we must exert a force downwards, which means that
we are now doing work. This work increases the electrical PE of the charges; when
the charges then flow through the resistor this electrical PE is converted to heat,
and energy is conserved.

Force from
Fleming’s LHR

B
X XX X

@0

X XX X

Force applied to keep
conductor moving

Calculating induced emf

The maximum p.d. achieved across the conductor is when the magnetic force
pushing the electrons left equals the electric force pushing them right. When the
forces are balanced, no more electrons will move. Figure 6.59 shows an electron
with balanced forces.

the conductor they are becoming more ordered. So that this
does not break the second law, there must be some disorder
taking place.

The second law of thermodynamics
FBE e !FE @ You can see that when the electrons are pushed to the left of



If Fj is the magnetic force and Fy is the electric force we
can say that

Fy = Fg

Now we know that if the velocity of the electron is v and
the field strength is B then F = Bev

The electric force is due to the electric field E which we
can find from the equation E = — % that we established

in the section on electric potential. In this case, the field is

uniform so the potential gradient = v

L
Ve
So, &z&:f
Equating the forces gives %e = Bev
SO V = BLv

o Hint:

Fleming’s right hand rule

The fingers represent the same things as in the left hand rule but it is
used to find the direction of induced current if you know the motion
of the wire and the field. Try using it on the example in Figure 6.58.

motion

currey

This is the p.d. across the conductor, which is defined as the work done per unit
charge, taking a small positive test charge from one side to the other. As current
starts to flow in an external circuit, the work done by the pulling force enables

charges to move from one end to the other, so the emf (mechanical energy

converted to electrical per unit charge) is the same as this p.d.

induced emf = BLv

Non-perpendicular field

If the field is not perpendicular to the direction of motion then you take the
component of the flux density that is perpendicular. In the example in

Figure 6.60, this is Bsin 6.

So emf = Bsin 0 X Lv

39 A 20cm long straight wire is travelling at a constant 20 m s~! through a perpendicular B field of

flux density 50.T.
(a) Calculate the emfinduced.

kB
=

/) 0

7/

A
Figure 6.60 Looking along the wire,
the component of the flux density
that is perpendicular to the direction of
motion is B'sin 6.

(b) |If this wire were connected to a resistance of 2) how much current would flow?
(c) How much energy would be converted to heat in the resistor in 1s? (Power = °R)

(d) How much work would be done by the pulling force in 1s?
(e) How far would the wire move in 1s?
(f) What force would be applied to the wire?

Faraday’s law

From the moving conductor example we see that the induced emf is dependent on
the flux density, speed of movement and length of conductor. These three factors
all change the rate at which the conductor cuts through the field lines, so a more

convenient way of expressing this is:

The induced emf is equal to the rate of change of flux.

This is Faraday’s law and it applies to all examples of induced emf not just wires

moving through fields.
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@ Hint: If you think of the field lines

as grass stems (they've been drawn
green to help your imagination) and the
conductor as a blade, then the induced
emf is proportional to the rate of grass
cut. This can be increased by moving
the blade more quickly, having a longer
blade or moving to somewhere where
there is more grass.

Figure 6.62 Area A not perpendicular }
to the field.

A

Figure 6.63 To oppose the magnet
coming into the coil, the coil’s magnetic
field must push it out. The direction of
the current is found using the grip rule.

Flux and flux density X X X X X X
We can think of flux density as being proportional to the XXX XXX
number of field lines per unit area, so flux is proportional XX X X X|[X
to the number of field lines in a given area. If we take the X X
[Area = A
example in Figure 6.61, the flux density of the field shown X % X
is B and the flux ¢ enclosed by the shaded area is BA. XX X X X|[x
The unit of flux is tesla metre? (Tm?). XXX X XX
X X X X X X
The wire in the same diagram will move a distance vin 1s X
(velocity is displacement per unit time) so the area swept I
out per unit time = Lv. The flux cut per unit time will X
therefore be BLv; this is equal to the emf. LX X X X
If the field i dicul h h qpe e X x
the field is not perpendicular ‘.co the area.t en you use X X X X X
the component of the field that is perpendicular. In the
- . . XX X X XX
example in Figure 6.62 this would give
XX X X X X
¢ =DBcos X A A

Figure 6.61 A wire
is moving through a
B uniform B field

’

/normal to
w ./ the surface
Area A I
\T \ /)

Lenz’s law

We noticed that when a current is induced in a moving conductor, the direction

of induced current causes the conductor to experience a force that opposes its
motion. To keep the conductor moving will therefore require a force to be exerted
in the opposite direction. This is a direct consequence of the law of conservation
of energy. If it were not true, you wouldn’t have to do work to move the conductor,

so the energy given to the circuit would come from nowhere. Lenz’s law states this
fact in a way that is applicable to all examples:

The direction of the induced current is such that it will oppose the change
producing it.
_ _dNo
E=="a
Examples
1 Coil and magnet
A magnet is moved towards a coil as in Figure 6.63.
Applying Faraday’s law:
As the magnet approaches the coil, the B field inside the coil increases, and
the changing flux enclosed by the coil induces an emf in the coil that causes a
current to flow. The size of the emf will be equal to the rate of change of flux
enclosed by the coil.



Applying Lenz’s law:
The direction of induced current will be such that it opposes the change
producing it, which in this case is the magnet moving towards the coil. So to

oppose this, the current in the coil must induce a magnetic field that pushes the

magnet away; this direction is shown in the diagram.

2 Coil in a changing field — f—— 14—

In Figure 6.64, the magnetic flux enclosed by coil B is changed
by switching the current in coil A on and off.

Applying Faraday’s law:

When the current in A flows, a magnetic field is created that
causes the magnetic flux enclosed by B to increase. This
increasing flux induces a current in coil B.

Applying Lenz’s law:

The direction of the current in B must oppose the change

producing it, which in this case is the increasing field from A.

So to oppose this, the field induced in B must be in the opposite direction to

the field from A, as in the diagram. This is the principle behind the operation of

a transformer.

40 A coil with 50 turns and area 2 cm? encloses a field that is of flux density 100 w.T (the field is
perpendicular to the plane of the coil).
(@) Whatiis the total flux enclosed?
(b) If the flux density changes to 50 wT in 2's, what is the rate of change of flux?
() What is the induced emf?

41 A rectangular coil with sides 3 cm and 2 cm and 50 turns lies flat on a table in a region of
magnetic field. The magnetic field is vertical and has flux density 500 p.T.
(a) Whatis the total flux enclosed by the coil?
(b) If one side of the coil is lifted so that the plane of the coil makes an angle of 30° to the table,
what will the new flux enclosed be?
(c) Ifthe coil is lifted in 3 s, estimate the emf induced in the coil.

Applications of electromagnetic induction
Induction braking

Traditional car brakes use friction pads that press against a disc attached to

the road wheel. Induction braking systems replace the friction pads with
electromagnets. When switched on, a current is induced in the rotating discs.
According to Lenz’s law the induced current will oppose the change producing it,
resulting in a force that slows down the car.

Induction cooking

An induction hotplate uses a changing magnetic field to induce an emf in a metal
saucepan; the emf causes a current to flow in the saucepan, which produces heat
(I’R). The benefit of this system is that the saucepan (and therefore the food) gets
hot but not the oven; you can touch the ‘hotplate’ without getting burned.

In

Ba By g

A

Figure 6.64 Coil A induces current in
coil B. Use the grip rule to work out the
direction of the fields.

@ Hint: If a coil has N turns each turn
of the wire encloses the flux. If the flux
enclosed by the area of the coil is ¢ then
the total flux enclosed is Ne.

.
6 In an induction braking system
there are no parts to wear out,

which means you would not
have to replace brake pads every
couple of years. This is bad news
for the manufacturers of brake
pads. Sometimes advancements
in technology are not developed
because they do not benefit
manufacturers.
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To view a simulation of an electric
generator, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 6.6.

Figure 6.65 A simple AC generator.

A

Figure 6.66 Looking at the generator

I Down
C

B
S
A D
v
— 1+

from above.

@ Alternating current

Assessment statements

12.2.1

12.2.2
12.2.3

12.2.4
12.2.5
12.2.6
12.2.7

12.2.8
12.2.9

Describe the emf induced in a coil rotating within a uniform magnetic
field.

Explain the operation of a basic alternating current (AC) generator.
Describe the effect on the induced emf of changing the generator
frequency.

Discuss what is meant by the root mean squared (rms) value of an
alternating current or voltage.

State the relation between peak and rms values for sinusoidal currents
and voltages.

Solve problems using peak and rms values.

Solve AC circuit problems for ohmic resistors.

Describe the operation of an ideal transformer.

Solve problems on the operation of ideal transformers.

The most common application of electromagnetic induction is in the production
of electrical energy. There are several devices that can be used to do this, such as
the dynamo, in which a coil rotates in a magnetic field, or an alternator, in which a

magnet rotates in a coil. Here we will consider the simple case of a coil rotating in
a uniform magnetic field.

Coil rotating in a uniform magnetic field

Consider the coil shown in Figure 6.65. This coil is being made to rotate in a
uniform magnetic field by someone turning the handle. The coil is connected to a
resistor, but to prevent the wires connected to the coil twisting, they are connected
via two slip rings. Resting on each slip ring is a carbon brush, which makes contact
with the ring whilst allowing it to slip past.

>

resistor

To make the operation easier to understand, a simpler 2D version with only one
loop of wire in the coil is shown in Figure 6.66. As the handle is turned, the wire
on the left hand side (AB) moves up through the field. As it cuts the field a current
will be induced. Using Fleming’s right hand rule, we can deduce that the direction
of the current is from A to B as shown. The direction of motion of the right hand
side (CD) is opposite so the current is opposite. The result is a clockwise current
through the resistor.

After turning half a revolution the coil is in the position shown in Figure 6.67. Side
CD is now moving up through the field. Look carefully at how the slip ring has
moved and you will see why, although the current is still clockwise in the coil, it is
anticlockwise in the resistor circuit.



The size of the emf induced in a rotating coil 3 |

To find the size of the emf, we can use Faraday’s law. This states that the induced @ B
emf will be equal to the rate of change of flux. The flux enclosed by the coil is
related to the angle the coil makes with the field. Figure 6.68 shows a coil of N
turns at time t. At this moment the normal to the plane of the coil makes an angle
6 with the field.

Flux ¢ = BAcos 6

There are N turns so total flux Ne= BANcos 6 (1) D A
If the angular velocity of the coil is w then the angle § = wt

Substituting equation (1) gives Y A
N¢ = BAN cos wt —  +—
: , . - A
This equation can be represented graphically as in Figure 6.69. Figure 6.67 The coil after half a
revolution.

Note that the graph starts when the flux enclosed is a maximum, so cos 6 = 1
meaning that 6 = 0°. Remember that 6 is the angle between the field and the
normal to the plane of the coil, so position A is when the coil in Figure 6.68 is
vertical.

To find the magnitude of the emf, we need the rate of change of flux.
We can calculate this from the gradient of this graph. Let us consider

some specific points.

Normal to
At A the gradient is zero. plane of coil
At B the gradient is big and negative. A
. . Figure 6.68 Coil at an angle to the
At C the gradient is zero. feld.

At D the gradient is big and positive.

e

‘ Figure 6.69 Graph of flux against time.

time

Figure 6.70 Graph of emf against time.

v

. . f
Lenz’s law says that the induced current will oppose the change em

producing it; this means that when the rate change of flux is positive
the induced emf is negative. If we plot the rate of change of flux against
time we get a graph as in Figure 6.70. The equation of this line is

E = BANwsin wt A B c D E time

Where BANw is the peak value E,

Note that this is a maximum when the flux enclosed is zero, that is

when the coil is in the position shown in Figure 6.65.
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Figure 6.71 The black graph is for a ’
coil with twice the angular speed of the
red one.

Faraday’s law
If you have studied differentiation
in maths you will understand that
Faraday’s law can be written
—dN¢
T

Then if Nep = BAN cos wt

—dN¢

dt

O

= BANw sin wt

Figure 6.72
v

emf 4

Effect of increasing angular speed

If the speed of rotation is increased, the graph of emf against time will change in
two ways, as shown in Figure 6.71. Firstly, time between the peaks will be shorter,
and secondly, the peaks will be higher. This is because if the coil moves faster, then
the rate of change of flux will be higher and hence the emf will be greater.

emf 4

time

Alternating current

The current delivered by the rotating coil changes in direction and size over a
period of time. This is called alternating current (AC). A battery, however, gives a
constant current called direct current (DC). When doing power calculations with
AC (for example, calculating the heat given out per second by an electric heater),
the peak value would give a result that was too big since the peak value is only
attained for a very short time. In these cases we should use the root mean square
value; this is a sort of average value.

Root mean square

The root mean square or rms is the square root of the mean of the squares. Since
the emf from the rotating coil varies sinusoidally then the rms emf and current
will be the same as the root of the mean of the squares of the sine function.

To calculate the rms value, first we must square the function; this gives the curve
shown in Figure 6.72. If we consider one complete cycle of this function we see
that the mean value is % E,2. The rms value is then the square root of this.

E? E
Erms: - ==
2 V2

The current passing through a resistor will be proportional to the
potential difference across it, so this will also be sinusoidal. If the
peak current is I, the rms value will therefore be given by:

The rms values are what you need to know for power calculations,
so it is these that are normally quoted. For example, the rms mains

time voltage in Europe = 220V.



Power in AC circuits

If the rms current flowing through a resistor is I, and the rms potential

difference across it is V,,,; then the power dissipated in it will be I,,; X V...

rms

Worked example

What will be the rms current flowing through a 100 W light bulb connected to a
220V AC supply?

Solution
Power = Irms‘/rms
_ Power _ 100 _
So L = v 220 0.45A

42 The rms voltage in the USA is 110V. Calculate the peak voltage.
43 An electric oven designed to operate at 220V has a power rating of 4 kW. What current flows
through it when it is switched on?

44 A coil similar to the one in Figure 6.65 has an area of 5cm? and rotates 50 times a second in a
field of flux density 50 mT.
(a) If the coil has 500 turns, calculate
(i) theangular velocity, @
(ii) the maximum induced emf
(iii) the rms emf.
(b) If the speed is reduced to 25 revolutions per second what is the new £, ?

45 Calculate the resistance of a 1000 W light bulb designed to operate at 220V.

The transformer

A transformer consists of two coils wound on a co mmon soft iron core as shown
in Figure 6.73. The primary coil is connected to an AC supply. This causes a
changing magnetic field inside the coil. This field is made stronger by the presence
of the soft iron core which itself becomes magnetic (temporarily). Since the
secondary is wound around the same former, it will have a changing magnetic field
within it, which induces an emf in its coils.

secondary Ng

soft iron core

primary N,

The emf induced in the secondary is directly related to the number of turns. If the
supply is sinusoidal then the ratio of turns in the two coils equals the ratio of the p.d.s.
N_Y
Ny Vg

The electrical energy produced by
a generator comes from the work
done by the person turning the
coil. The more current you take
from the coil the harder it is to
turn. This follows from Lenz's law;
the current in the coil opposes the
change producing it. If you don't
draw any current then it's very easy
to turn the coil.

< Figure 6.73 A simple transformer.

Power losses
Real transformers are not 100%
efficient; power is lost in several
ways:
e Heatin the wire of the coils
e Heatin the core due to induced
currents in the soft iron.
Flux leakage.
The core retains some
magnetism when the current
changes.
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So a transformer can make a p.d. higher or lower depending on the ratio of turns
on the primary and secondary. However, since energy must be conserved, the
power out cannot be bigger than the power in. Electrical power is given by I X V/
so if the p.d. goes up, the current must come down. An ideal transformer has an
efficiency of 100%. This means that power in = power out.

Vp Ip = Vs
Warni where V;, Vs, I, and Igare the rms values of p.d. and current in the primary and
arnin

g O secondary.
The emfinduced in the secondary 46 An ideal transformer steps down the 220V mains to 4.5V so it can be used to charge a mobile
depends on the rate of change of phone.
current in the primary. If you switch (@) [fthe primary has 500 turns how many turns does the secondary have?
the current off then the change (b) Ifthe charger delivers 0.45 A to the phone, how much power does it deliver?
can be very big inducing a much (c) How much current flows into the charger from the mains?
bigger emf than you might have (d) The phone is unplugged from the charger but the charger is left plugged in. How much
calculated. current flows into the charger now?

@ Transmission of electrical power

Assessment statements

12.3.1 Outline the reasons for power losses in transmission lines and real
transformers.

12.3.2 Explain the use of high-voltage step-up and step-down transformers in
the transmission of electrical power.

12.3.3 Solve problems on the operation of real transformers and power
transmission.

12.3.4 Suggest how extra-low-frequency electromagnetic fields, such as those
created by electrical appliances and power lines, induce currents within
a human body.

12.3.5 Discuss some of the possible risks involved in living and working near

Figure 6.74 high-voltage power lines.

v

Power

ot As outlined previously, electrical energy can be produced by moving a coil

in a magnetic field. The energy required to rotate the coil can come from
many sources, for example: coal, oil, falling water, sunlight, waves in the sea
or nuclear fuel. The transformation of energy takes place in power stations
R=21Q P onsied = 29.9MW that are often not sited close to the places where people live. For that reason,
I'=3300A the electrical energy must be delivered via cables. These cables have resistance
so some energy will be lost as the current flows through them. Let’s take an

‘30 k\7 P from power station — 100MW

example as illustrated in Figure 6.74.

Transformer The generators at a power station typically produce 100 MW of power
at 30 kV. A small town 100 km from the power station requires electrical
520V power which will be delivered via two aluminium cables (one there and one

back) that have a radius of 2 cm. The houses in the town cannot use such
high voltage electricity so the p.d. must be stepped down to 220V, using a
transformer that we will assume is 100% efficient.

Town




The first thing to do is to calculate the resistance of the cables. We can do this
using the formula

pl
A
where p is the resistivity of aluminium (2.6 X 1073 Qm), A is the cross-sectional
area and /is the length.

R

2.6 X 1078 X 200 X 10°
= = Z.IQ
27 X (2 X 10 2)?

So R

The current that must be delivered if 100 MW is produced at a p.d. of 30kV can be
found using P = IV

_ 1Xx108

=305 10 = 33X 10°A

Rearranging gives

The power loss in the cables is therefore ’R = (3.3 X 10°)? X 2.1 = 22.9 MW
This is a lot of wasted power.

To reduce the power loss in the cables we must reduce the current. This can be
done by stepping up the voltage before transmission, using a transformer as shown
in the next example (Figure 6.75).

The p.d. between the wires is typically stepped up to 115 kV. Let us now repeat the
calculation, assuming all transformers are 100% efficient.

The power is now delivered at 115kV so the current is

;= P _100x10°

VoI5 x 100 004

Power loss in the cables = I’R = 870% X 2.1 =1.6 MW
This is still quite a lot of wasted power but much less than before.

To reduce this further, more cables could be added in parallel, thereby reducing the
resistance.

Health risks and power lines

Power lines carry large alternating currents at high potentials which produce
electromagnetic fields radiating from them. The changing electric and magnetic
field will induce currents in any conductors placed nearby. Your body is a
conductor, so if you stand near a power line small currents will be induced in your
body — is this harmful?

Unless you almost sit on the cable, these fields are very small. Typically the
magnetic field you'd experience is less than the Earth’s magnetic field. The
frequency of the change is also very low so cannot affect the atoms of your body.

It therefore seems very unlikely that any harm could be caused by these fields. In
the 1970s, a study of the incidence of childhood leukaemia showed that there was
a higher incidence of leukaemia in children living close to power lines. This caused
a lot of concern at the time, but the study was seriously flawed. One of the main
pieces of evidence against this theory is that even though the number of children
living near power lines has increased significantly over the past 30 years, the
incidence of leukaemia has gone down.

oH
two

int: 30KV is the p.d. between the
wires not the p.d. from the power

station to the transformer.

Power
station

30KV

Transformer

115kV| R =210
| = 870A

P wasted = 1.6 MW

Transformer

Figure 6.75

®

Power lines and leukaemia
This is a good example of how
people can be influenced by the
media. Even though there is no
scientific evidence that power
lines adversely affect one’s health,
people still believe what they heard
on the TV 30 years ago. There are
also a lot of companies marketing
products that profit from this
misconception.



Fields and forces

47 A power station that generates electricity at 50 kV produces 500 MW of power. This is delivered to
a town through cables with a total resistance of 8(). Before transmission, the p.d. is stepped up to
100kV, then stepped down to 220V at the town.

(@) How much current will flow through the cables that take the electricity away from the
power station to the town?

(b) How much power is lost in the cables?

(c) What percentage of total power delivered is lost?

(d) How much power will be delivered to the town? (Assume both transformers are 100%
efficient.)

(e) How much power will be available for the town to use?

(f) How much total current will flow through the town?

Practice questions

1 This question is about gravitation and orbital motion.
(a) Define gravitational field strength at a point in a gravitational field. (2)

The diagram below shows three points above a planet. The arrow represents the
gravitational field strength at point A.
®C

(b) Draw arrows to represent the gravitational field strength at point B and point C. (2)
A spacecraft is in a circular orbit around the planet as shown in the diagram below.
The radius of the orbit is 7500 km.

spacecraft

orbit radius 7500 km

i
AN

orbit of spacecraft

(c) For the spacecraft in the position shown, draw and label arrows representing
(i) the velocity (label this arrow V). (1)
(ii) the acceleration (label this arrow A). (1)
The speed of the spacecraft is 6.5 kms™".
(d) Deduce the value of the magnitude of the gravitational field strength at a point in
the spacecraft's orbit. (3)

2 This question is about gravitation and ocean tides.
(a) State Newton's law of universal gravitation. (2)




(b) Use the following information to deduce that the gravitational field strength at the
surface of the Earth is approximately 10 N kg=".
Mass of the Earth = 6.0 X 102 kg
Radius of the Earth = 6400 km (2)

The Moon's gravitational field affects the OMoon
gravitational field at the surface of the Earth.
A high tide occurs at the point where the
resultant gravitational field due to the Moon
and to the Earth is a minimum.

Earth

(c) (i) On the diagram, label, using the letter P, the point on the Earth’s surface that
experiences the greatest gravitational attraction due to the Moon. Explain
your answer. (2)
(ii) On the diagram label, using the letter H, the location of a high tide. Explain
your answer. (2)
(iii) Suggest two reasons why high tides occur at different times of the day in
different locations. (2)

This question is about gravitational fields.
(a) Define gravitational field strength. (2)
The gravitational field strength at the surface of Jupiter is 25 N kg~ and the radius of
Jupiter is 7.1 X 107 m.
(b) (i) Derive an expression for the gravitational field strength at the surface of a
planet in terms of its mass M, its radius R and the gravitational constant G. (2)
(ii) Use your expression in (b) (i) above to estimate the mass of Jupiter. (2)

This question is about gravitation.

(a) Define gravitational potential at a point. (2)

(b) The diagram below shows the variation of gravitational potential V of a planet and its
moon with distance rfrom the centre of the planet. The unit of separation is arbitrary.
The centre of the planet corresponds to r = 0 and the centre of the moon to r = 1.
The curve starts at the surface of the planet and ends at the surface of the moon.

r
3 0 0.2 0.4 0.6 0.8 1.0

V/10 kg™

(i) At the position where r = 0.8, the gravitational field strength is zero.

Determine the ratio
mass of planet

mass of moon
(ii) A satellite of mass 1500 kg is launched from the surface of the planet.
Determine the minimum kinetic energy at launch the satellite must have so
that it can reach the surface of the moon. (3)
(Total 8 marks)
© International Baccalaureate Organisation
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5 This question is about gravitational potential energy.
The graph below shows the variation of gravitational potential V/ due to the Earth with
distance R from the centre of the Earth. The radius of the Earth is 6.4 X 106 m.
The graph does not show the variation of potential V/ within the Earth.

R/ 10°m
0 5 10 15 20 25 30 35 40 45 50
O 1 1 1 1 1 1 1 1 1 ]
_‘I -
72_
_3 -

(@) Use the graph to find the gravitational potential
(i) at the surface of the Earth. (1)
(i) at a height of 3.6 X 107 m above the surface of the Earth. (2)

(b) Use the values you have found in part (a) to determine the minimum energy
required to put a satellite of mass 1.0 X 10*kg into an orbit at a height of
3.6 X 107 m above the surface of the Earth. (3)
(c) Give two reasons why more energy is required to put this satellite into orbit
than that calculated in (b) above.
(Total 8 marks)
© International Baccalaureate Organisation

6 This question is about the possibility of generating electrical power using a satellite
orbiting the Earth.

(a) Define gravitational field strength. (2)
(b) Use the definition of gravitational field strength to deduce that
GM = g,R?
where Mis the mass of the Earth, Rits radius and g; is the gravitational field

strength at the surface of the Earth. (You may assume that the Earth is a uniform
sphere with its mass concentrated at its centre.) (2)

A space shuttle orbits the Earth and a small satellite is launched from the shuttle.

The satellite carries a conducting cable connecting the satellite to the shuttle.

When the satellite is a distance L from the shuttle, the cable is held straight by motors
on the satellite.




Diagram 1

Earth’s magnetic
_ — — field

- = —
P -

satellite
-~

direction of orbit
speed v

EARTH

As the shuttle orbits the Earth with speed v, the conducting cable is moving at right
angles to the Earth’s magnetic field. The magnetic field vector B makes an angle #to a
line perpendicular to the conducting cable as shown in diagram 2. The velocity vector of
the shuttle is directed out of the plane of the paper.

Diagram 2

conducting cable ——>

(c) Ondiagram 2, draw an arrow to show the direction of the magnetic force on an
electron in the conducting cable. Label the arrow F. (1)
(d) State an expression for the force Fon the electron in terms of B, v, e and 6,
where B is the magnitude of the magnetic field strength and e is the electron
charge. (1)
(e) Hence deduce an expression for the emf £ induced in the conducting wire. (3)
(f) The shuttle is in an orbit that is 300 km above the surface of the Earth. Using
the expression

GM = g,R?
and given that R = 6.4 X 10°m and g, = 10 Nkg~', deduce that the orbital
speed v of the satellite is 7.8 X 10°ms~". (3)

(g) The magnitude of the magnetic field strength is 6.3 X 1076T and the angle
6 = 20°. Estimate the length L of the cable required in order to generate an
emf of 1kV. (2)
(Total 14 marks)
© |International Baccalaureate Organisation
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7 This question is about electromagnetic induction.
A small coil is placed with its plane parallel to a long straight current-carrying wire, as
shown below.

current-carrying wire

small coil
(@) (i) State Faraday's law of electromagnetic induction. (2)
(i) Use the law to explain why, when the current in the wire changes, an emf
is induced in the coil. (1)

The diagram below shows the variation with time ¢ of the current in the wire.

(b) (i) Draw, on the axes provided, a sketch-graph to show the variation with

current

(
<

time t of the magnetic flux in the coil. (1)
(ii) Construct, on the axes provided, a sketch-graph to show the variation
with time t of the emf induced in the coil. (2)
(iii) State and explain the effect on the maximum emf induced in the coil
when the coil is further away from the wire. (2)
(c) Such a coil may be used to measure large alternating currents in a high-voltage
cable. Identify one advantage and one disadvantage of this method. (2)

(Total 10 marks)
© International Baccalaureate Organisation

8 Aresistor is connected in series with an alternating current supply of negligible internal
resistance. The peak value of the supply voltage is 1, and the peak value of the
current in the resistor is /. The average power dissipation in the resistor is

Vol Vol
A 20 B L0
2 V2
C Vh D 2Vyh (1)

© International Baccalaureate Organisation

9 The rms voltages across the primary and secondary coils in an ideal transformer are
V, and V, respectively. The currents in the primary and secondary coils are /, and /;
respectively.

Which one of the following statements is always true?

A V=V, B L=/

C Vik =V

(1)

© International Baccalaureate Organisation
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@ Atomic structure

Assessment statements

7.1.1 Describe a model of the atom that features a small nucleus
surrounded by electrons.

7.1.2 Outline the evidence that supports a nuclear model of the atom.

7.1.3 Outline one limitation of the simple model of the nuclear atom.

7.1.4  Outline evidence for the existence of atomic energy levels.

13.1.8 Outline a laboratory procedure for producing and observing atomic
spectra.

13.1.9  Explain how atomic spectra provide evidence for the quantization of
energy in atoms.

13.1.10 Calculate wavelengths of spectral lines from energy level differences
and vice versa.

The arrangement of charge in the atom

We already know that matter is made up of particles (atoms) and we used this — ,

; . R 6 What does it mean when we say
model to explain the thermal properties of matter. We also used the idea that we know these things? Do we
matter contains charges to explain electrical properties. Since matter contains know that this is true, or is it just
charge and is made of atoms, it seems logical that atoms must contain charge. But the model that's true?

how is this charge arranged?

There are many possible ways that charges could be arranged in the atom, but
since atoms are not themselves charged, they must contain equal amounts of
positive and negative. Maybe half the atom is positive and half negative, or perhaps
the atom is made of two smaller particles of opposite charge?

The discovery of the electron by J.J. Thomson in 1897 added a clue that helps to
solve the puzzle. The electron is a small negative particle that is responsible for

carrying charge when current flows in a conductor. By measuring the charge-to-

mass ratio of the electron, Thomson realised that the electrons were very small A .

compared to the whole atom. He therefore proposed a possible arrangement Figure 7.1 Thomsons model, positive
o . . . pudding with negative plums.

for the charges as shown in Figure 7.1; this model was called the ‘plum pudding

model. This model was accepted for some time until, under the direction of Ernest

Rutherford, Geiger and Marsden performed an experiment that proved it could

not be correct.

The electron is a fundamental

The Rutherford model particle with charge
—1.6 X 107" Cand

Rutherford’s idea was to shoot alpha particles at a very thin sheet of gold to see mass 9.1 X 10~ kg,

what would happen. In 1909, when this was happening, very little was known
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about alpha particles — only that they were fast and positive. In accordance with

.
This is a good example of scientific 6 normal scientific practice, Rutherford would have applied the model of the day so

method in practice. ) ;
as to predict the result of the experiment. The current model was that the atom

was like a small plum pudding, so a sheet of gold foil would be like a wall of plum
puddings, a few puddings thick. Shooting alpha particles at the wall would be

like firing bullets at a wall of plum puddings. If we think what would happen to
the bullets and puddings, it will help us to predict what will happen to the alpha
particles.

To see a simulation of Rutherford o
scattering, visit
www.heinemann.co.uk, enter the

express code 4426P and click on . L. .
weblink 7.1, If you shoot a bullet at a plum pudding, it will pass straight through and out the

other side (you can try this if you like). What actually happened was, as expected,
most alpha particles passed through without changing direction, but a significant,
number were deflected and a few even came right back, as shown in Figure 7.2.
This was so unexpected that Rutherford said ‘It was quite the most incredible event
that ever happened to me in my life. It was almost as incredible as if you had fired
a 15-inch shell at a piece of tissue paper and it came back and hit you.” We know
from our study of collisions that you can only get a ball to bounce off another one
if the second ball is much heavier than the first. This means that there must be
something heavy in the atom. The fact that most alphas pass through means that
there must be a lot of space. If we put these two findings together, we conclude
that the atom must have something heavy and small within it. This small, heavy
thing isn’t an electron since they are too light; it must therefore be the positive
part of the atom. This would explain why the alphas come back, since they are also
positive and would be repelled from it.

Most alphas

Figure 7.2 Alpha particles deflected }
pass through.

by a gold atom.

Alpha collides with nucleus
and bounces back.

Some chemistry O P—
An atom consists of a nucleus

surrounded by a number of
electrons. Different elements have
different-sized nuclei and different \ /
numbers of electrons. To make the

atom neutral the nucleus has the
same charge (but positive) as all the
electrons pu.t together. The num_ber The Bohr model
of electrons in the neutral atom is

equal to the atomic number of the In 1913 Niels Bohr suggested that the nucleus could be like a mini solar system

element and defines the way that it
combines with other elements.

Alpha comes close to
nucleus and is deflected.

with the electrons orbiting the nucleus. This fits in very nicely with what we know
about circular motion, since the centripetal force would be provided by the electric
attraction between the electron and nucleus. The problem with this model is that
as the electrons accelerate around the nucleus, they would continually radiate
electromagnetic radiation; they would therefore lose energy causing them to spiral
into the nucleus. This model therefore cannot be correct. One thing that the Bohr
model did come close to explaining was the line spectrum for hydrogen.

The connection between atoms and light

There is a very close connection between matter and light. For example, if we give
thermal energy to a metal, it can give out light. Light is an electromagnetic wave so
must come from a moving charge; electrons have charge and are able to move, so it




would be reasonable to think that the production of light is something to do with
electrons. But what is the mechanism inside the atom that enables this to happen?
Before we can answer that question we need to look more closely at the nature of
light, in particular light that comes from isolated atoms. We must look at isolated
atoms because we need to be sure that the light is coming from single atoms and not
the interaction between atoms. A single atom would not produce enough light for us
to see, but low-pressure gases have enough atoms far enough apart not to interact.

Atomic spectra

To analyse the light coming from an atom we need to first give the atom
energy; this can be done by adding thermal energy or electrical energy.
The most convenient method is to apply a high potential to a low-
pressure gas contained in a glass tube (a discharge tube). This causes
the gas to give out light, and already you will notice (see Figure 7.3) that
different gases give different colours. To see exactly which wavelengths
make up these colours we can split up the light using a prism (or
diffraction grating). To measure the wavelengths we need to know the He

angle of refraction; this can be measured using a spectrometer. A

Figure 7.3 Discharge tubes containing
The hydrogen spectrum bromine, hydrogen and helium.

Hydrogen has only one electron — so it is the simplest atom and the one
we will consider first. Figure 7.4 shows the spectrum obtained from a
low-pressure discharge tube containing hydrogen. The first thing you
notice is that, unlike a usual rainbow that is continuous, the hydrogen
spectrum is made up of thin lines. Light is a form of energy, so whatever
the electrons do they must lose energy when light is emitted. If the
colour of light is associated with different energies, then, since only
certain energies of light are emitted,the electron must only be able to
release certain amounts of energy. This would be the case if the electron

could only have certain amounts of energy in the first place. We say the

energy is quantized. A
Figure 7.4 The line spectrum for
To help understand this, we can consider an analogous situation of buying sand. hydrogen.

You can either buy sand loose or in 50 kg bags, and we say the 50 kg bags are
quantized, since the sand comes in certain discrete quantities. So if you buy loose
sand, you can get any amount you want, but if you buy quantized sand, you have
to have multiples of 50 kg. If we make a chart showing all the possible quantities of
sand you could buy, then they would be as shown on Figure 7.5; one is continuous
and the other has lines.

Sand for sale/kg Sand for sale/kg 4 | Figure 7.5 Ways of buying sand.
450+ 450
400+
350
300
2501
200
150
100

50+
0_

o
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Q
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If the electron in the hydrogen atom can only have discrete energies, then when it
changes energy, that must also be in discrete amounts. We represent the possible
energies on an energy level diagram (Figure 7.6), which looks rather like the sand
diagram.

For this model to fit together, each of the lines in the spectrum must correspond to
a different energy change. Light therefore must be quantized and this does not tie
in at all with our classical view of light being a continuous wave that spreads out
like ripples in a pond.

@ The quantum nature of light

Assessment statements

13.1.1 Describe the photoelectric effect.

13.1.2 Describe the concept of the photon, and use it to explain the
photoelectric effect.

13.1.3 Describe and explain an experiment to test the Einstein model.

13.1.4 Solve problems involving the photoelectric effect.

Light definitely has wave-like properties; it reflects, refracts, diffracts and interferes.
But sometimes light does things that we don’t expect a wave to do, and one of
these is the photoelectric effect.

The photoelectric effect

Consider ultraviolet light shining on a negatively charged zinc plate. Can the light
cause the charge to leave the plate? To answer this question we can use the wave
model of light, but we cannot see what is happening inside the metal, so to help us
visualize this problem we will use an analogy.

The swimming pool analogy

Imagine a ball floating near the edge of a swimming pool as in Figure 7.7.

out of the pool by sending water waves towards it? To get the ball out of the

O |:| If you are at the other side of the swimming pool, could you get the ball

pool we need to lift it as high as the edge of the pool; in other words, we
must give it enough PE to reach this height. We can do this by making the
amplitude of the wave high enough to lift the ball. If the amplitude is not
high enough, the ball will not be able to leave the pool unless we build a

In this case, there will be a time delay before the ball gets out.

|:| machine (as in Figure 7.8) that will collect the energy over a period of time.

Energy/eV
0.00+——
—0541T——
—085+——
—1514+—
—339+—
—13.58——

A

Figure 7.6 The electron energy levels

of hydrogen.

A

Figure 7.7

float T

Figure 7.8 ’ ratchet



To relate this to the zinc plate, according to this model we expect:

e Electrons will be emitted only if the light source is very bright. (Brightness is
related to amplitude of the wave.)

e If the source is dim we expect no electrons to be emitted. If electrons are
emitted, we expect a time delay whilst the atoms collect energy from the wave.

o If we use lower frequency light, electrons will still be emitted if it is bright

enough. \@ ————
. i A -
The zinc plate experiment @ -
) . . N -
To find out if electrons are emitted or not, we can put the zinc plate on an @ —
electroscope and shine UV light on it as in Figure 7.9. If electrons are emitted

charge will be lost and the electroscope leaf will fall. The results are not entirely as
expected:

e The electroscope does go down indicating that electrons are emitted from the
surface of the zinc plate.

e The electroscope leaf goes down even if the UV light is very dim. When very
dim, the leaf takes longer to go down but there is no time delay before it starts
to drop.

o Iflight of lower frequency is used, the leaf does not come down, showing that
no electrons are emitted. This is the case even if very intense low frequency
light is used.

These results can be explained if we consider light to be quantized.

Quantum model of light

In the quantum model of light, light is made up of packets called
photons. Each photon is a section of wave with an energy E that is
proportional to its frequency, f.

E=hf
where h is Planck’s constant (6.63 X 10737 s).

The intensity of light is related to the number of photons, not the
amplitude, as in the classical wave model. Using this model we can
explain the photoelectric effect:

e UV light has a high frequency, so when photons of UV light are absorbed by
the zinc, they give enough energy to the zinc electrons to enable them to leave
the surface.

e When the intensity of light is low there are not many photons but each photon
has enough energy to enable electrons to leave the zinc.

e Low frequency light is made of photons with low energy; these do not have
enough energy to liberate electrons from the zinc. Intense low frequency light is
simply more low energy photons, which still don’t have enough energy.

If a swimming pool were like this then if someone jumped into the pool the
energy they give to the water would stay together in a packet until it met another
swimmer. When this happened the other swimmer would be ejected from the
pool. Could be fun!

To get a deeper understanding of the photoelectric effect we need more
information about the energy of the photoelectrons.

.

A
Figure 7.9 UV radiation is absorbed
and electrons are emitted causing the
gold leaf to fall.

xgﬂ
OV

A
Figure 7.10 Light radiating, according
to the wave model and the quantum
model.

o /7
N /&>
= %/
\ %
A
Figure 7.11 The quantum swimming
pool.
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Figure 7.12 The stopping potential >
stops the electrons from reaching the
collector.

For a simulation of the o

photoelectric effect, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on weblink 7.2.

current A
high intensity UV

low intensity UV

[ ownendy.

>

Vs potential

KE max A

/ f frequency
®
A

Figure 7.13 Graphs of current vs
potential and maximum KE against
frequency

® Examiner’s hint: Exam questions can
include many different graphs related to
the photoelectric effect. Make sure you
look at the axis carefully.

Millikan’s photoelectric experiment

Millikan devised an experiment to measure the KE of photoelectrons. He used
an electric field to stop the electrons completing a circuit and used that ‘stopping
potential’ to calculate the KE. A diagram of the apparatus is shown in Figure 7.12.
(ve)
)

light from sources

with different frequency

’ H‘/@ [ B
metal sample collector

vacuum
@)

potential divider

Light from a source of known frequency passes into the apparatus through a
small window. If the photons have enough energy, electrons will be emitted

from the metal sample. Some of these electrons travel across the tube to the
collector causing a current to flow in the circuit; this current is measured by the
microammeter. The potential divider is now adjusted until none of the electrons
reaches the collector (as in the diagram). We can now use the law of conservation
of energy to find the KE of the fastest electrons.

Loss of KE = gain in electrical PE
im? = Ve
So maximum KE, KE_,, = Vie

The light source is now changed to one with different frequency and the procedure
is repeated.

The graphs in Figure 7.13 show two aspects of the results.

The most important aspect of graph 1 is that for a given potential, increasing the
intensity increases the current but doesn’t change the stopping potential. This
is because when the intensity is increased the light contains more photons (so
liberates more electrons) but does not increase the energy (so V; is the same).

Graph 2 shows that the maximum KE of the electrons is proportional to the
frequency of the photons. Below a certain value, f, no photoelectrons are
liberated; this is called the threshold frequency.

Einstein’s photoelectric equation

Einstein explained the photoelectric effect and derived an equation that relates the
KE of the photoelectrons to the frequency of light.

Maximum photoelectron KE = energy of photon — energy needed to get photon
out of metal

KEmax = hf_ ¢



¢ is called the work function. If the photon has only enough energy to get the

o .. Equati f a straight li
electron out then it will have zero KE, and this is what happens at the threshold il s

The equation of a straight line is of

frequency, f;. At this frequency the form y = mx + c where mis
KE = 0= hf — the gradient and c is the y intercept.
max ho— ¢ You should be able to see how
) ¢ = hf, the equation KE, ., = hf — ¢ s the

. . equation of the line in graph 2.
We can now rewrite the equation as q Qs

KE 0 = hf — hfy

1 Asample of sodium is illuminated by light of wavelength 422 nm in a photoelectric tube. The
potential across the tube is increased to 0.6 V. At this potential no current flows across the tube.
Calculate:

(a) the maximum KE of the photoelectrons

(b) the frequency of the incident photons

(c) the work function of sodium

(d) the lowest frequency of light that would cause photoelectric emission in sodium.

2 Asample of zincis illuminated by UV light of wavelength 144 nm. If the work function of zinc is @ Hint: You will find it easier to work in
4.3 eV, calculate eV for Questions 2,3 and 4.
(a) the photon energy in eV
(b) the maximum KE of photoelectrons
(c) the stopping potential
(d) the threshold frequency. The electronvolt
Remember 1 eV is the KE gained by

3 Ifthe zinc in Question 2 is illuminated by the light in Question 1, will any electrons be emitted? an electron accelerated through a

4 The maximum KE of electrons emitted from a nickel sample is 1.4 eV. If the work function of pd.of 1V.
nickel is 5.0 eV, what frequency of light must have been used? 1eV=16X%X10""7J

Quantum explanation of atomic spectra

We can now put our quantum models of the atom and light together to explain
the formation of atomic spectra. To summarize what we know so far:

e Atomic electrons can only exist in certain discrete energy levels.

. . Energy/eV
e Light is made up of photons. 9 0
e When electrons lose energy they give out light. -2 v
e When light is absorbed by an atom it gives energy to the electrons. .
We can therefore deduce that when an electron changes from a high energy level to
alow one, a photon of light is emitted. Since the electron can only exist in discrete
energy levels, there are a limited number of possible changes that can take place;
this gives rise to the characteristic line spectra that we have observed. Each element
has a different set of lines in its spectrum because each element has different “10
electron energy levels. To make this clear we can consider a simple atom with A
electrons in the four energy levels shown in Figure 7.14. Figure 7.14

As you can see in the diagram there are six possible ways that an electron can
change from a high energy to a lower one. Each transition will give rise to a
photon of different energy and hence a different line in the spectrum. To calculate
the photon frequency we use the formula

Change in energy AE = hf
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Energy/eV 4 So the bigger energy changes will give lines on the blue end of the spectrum and
0': low energies on the red end.
— 2 -
A Example

A change from the —4 eV to the —10 eV level will result in a change of 6 eV. This is
6X1.6 X107 =9.6X10""]

—>
This will give rise to a photon of frequency given by
AE = hf
—10 ~19
A Rearranging gives f = A—hE = % = 1.45 X 10" Hz
Figure 7.15 L. L.
This is a wavelength of 207 nm which is UV.
lonization
Ionization occurs when the electrons are completely removed from an atom,
T Gl I G T R O leaving a charged atom called an ion. This can happen if the atom absorbs a high
e The average KE of h he el 1d be ‘knocked off’ by a £ . icle lik
an atom in air at 20°C is about energy photon or the electron could be knocked o y a fast moving particle like
002 eV an alpha. These interactions are quite different — when a photon interacts with an
a red light photon is 1.75 eV atom it is absorbed but when an alpha interacts it ‘bounces off".

a blue light photon is 3.1 eV.

e The energy released by one
molecule in a chemical reaction
is typically 50 V. A photon of light can only be absorbed by an atom if it has exactly the right

e The energy released by one amount of energy to excite an electron from one energy to another. If light
f;ggg;ig%g az\idear containing all wavelengths (white light) is passed through a gas then the photons
' with the right energy to excite electrons will be absorbed. The spectrum of the

Absorption of light

light that comes out will have lines missing. This is called an absorption spectrum
and is further evidence for the existence of electron energy levels.

— —0.85eV
—1.51eV Use the energy level diagram of Figure 7.16 to answer the following questions.

5 How many possible energy transitions are there in this atom?

3:39eV 6 Calculate the maximum energy (in eV) that could be released and the frequency of the photon
emitted.
7 Calculate the minimum energy that could be released and the frequency of the associated
photon.
—13.6eV
A 8 How much energy would be required to completely remove an electron that was in the lowest

- )
Figure 7.16 energy level? Calculate the frequency of the photon that would have enough energy to do this.

The wave nature of matter

Assessment statements

13.1.5 Describe the de Broglie hypothesis and the concept of matter waves.

13.1.6  Outline an experiment to verify the de Broglie hypothesis.

13.1.7  Solve problems involving matter waves.

13.1.13 Outline the Heisenberg uncertainty principle with regard to position—
momentum and time—energy.




The electron gun

Imagine you have five identical boxes and each one contains one of the following:
a large steel ball, a glass ball, air, sand, or a cat. You have to find out what is inside
the boxes without opening them. One way of doing this is to fire a bullet at each.

Here are the results:

1 Shattering sound, contents — glass ball

2 Bounces back, contents — steel ball

3 Passes straight through, contents — air

4 Doesn’t pass through, contents — sand

Well, the cat was lucky so we won’t try shooting at the last box.

This idea is used a lot by physicists to find out what matter contains, but the
projectile must be something much smaller than a bullet. In the Geiger and
Marsden experiment discussed earlier, the projectile was an alpha particle.
Electrons can also be used in this way but first they need to be accelerated, and to
do this we use an electron gun, as shown in Figure 7.17.

accelerating
potential
«— |/ —>

O
heater supply ™\, hot filament ; o >
0 ™) ()

anode

|

accelerating supply

The filament, made hot by an AC supply, liberates electrons which are accelerated
towards the anode by the accelerating p.d. Electrons travelling in the direction of the
hole in the anode pass through and continue with constant velocity.

We can calculate the speed of the electrons, using the law of conservation of energy.

Loss of electrical PE = gain in KE

Ve = %mv2
_ |2Ve
V=V"m

Detecting electrons

You can’t see electrons directly, so you need some sort

of detector to find out where they go. When electrons
collide with certain atoms they give the atomic electrons
energy (we say the electrons are ‘excited”). When the
atomic electrons go back down to a lower energy level,
they give out light. This is called phosphorescence and can
be used to see where the electrons land. Zinc sulphide

is one such substance; it is used to coat glass screens so
that light is emitted where the electrons collide with the
screen. This is how the older types of TV screens work.

@

This is an example of how scientists
use experimental evidence to build
models of things they can't see.
Note that in these examples you
don't just need a bullet, you also
need a detector. What if you didn't
notice the sound of breaking glass?
You would have to have some idea
that this was going to happen or
you might not have been listening.

‘ Figure 7.17 A simple electron gun.

O

Thermionic emission

In this case atomic electrons gain
enough energy from thermal
excitation to leave the surface of
the metal.

KE in eV

The KE of the electrons in eV
is numerically the same as the
accelerating p.d.

If p.d. = 200V

KE =200eV

The aurora borealis is caused when
charged particles from the Sun excite
atoms in the atmosphere.
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A
Diffraction of electrons by a graphite
film.

A
Diffraction of light by a small circular
aperture.

Electron diffraction

If a beam of electrons is passed through a thin film of graphite, an interesting
pattern is observed when they hit a phosphor screen. The pattern looks very much
like the diffraction pattern caused when light is diffracted by a small circular
aperture. Perhaps the electrons are being diffracted by the atoms in the graphite.
Assuming this to be true, we can calculate the wavelength of the wave that has
been diffracted. But diffraction is a wave-like property, so what is it about an
electron that behaves like a wave?

The de Broglie hypothesis

In 1924 Louis de Broglie proposed that ‘all matter has a wave-like nature’ and that
the wavelength of that wave could be found using the equation:

)L:

S

where p is the momentum of the particle.

Using this equation we can calculate the momentum of the electrons used in the
electron diffraction experiment.
If the accelerating p.d. is 500V then the velocity of an accelerated electron is

_ [2X500X 1.6 X 10"
V= 9.1 X 103!

=13X10"ms™!

Momentum = mv = 1.2 X 1072*Ns
So the wavelength, A = 5.5 X 107! m

This is the correct size to give a wavelength that would cause the observed
diffraction pattern. But what is it about the electron that has wave-like properties?

Probability waves

The de Broglie hypothesis makes us think about the nature of particles like
electrons in a very different way. Classically we think of an electron as a very
small ball. Small balls are very simple to model. If we know where a ball is now
and what its momentum is, we can use the suvat equations to work out exactly
where it will be in the future. According to the de Broglie hypothesis, matter isn’t
like that; the position of a particle is governed by a wave function, not the suvat
equations; this wave function gives the probability of finding the particle. When
the particle passes through a small opening, the wave diffracts, giving the particle
the possibility to be in places we wouldn’t expect. This is only evident for very
small particles because large particles cannot pass through anything small enough
for diffraction to take place. (Remember diffraction is only noticeable when the
opening is about the same size as the wavelength.)

Consider electron A on a crash course for electron B as shown in Figure 7.18.
Classically we can calculate exactly when they collide. We know when this takes
place because B will start to move.

What the de Broglie hypothesis says is that the position of A is given by a
probability distribution that is defined by the wave travelling in the same direction.
As the probability wave passes B the probability of an interaction becomes higher
and higher, until at some moment B will move. We can’t say when exactly this

will happen, just that it happens some time as the wave passes B. So the electron



isn’t a little ball at all — it is simply a region of space that has certain properties
(charge and mass). These properties define the way that this region of space can
interact with other regions and the probability of an interaction is given by a wave
equation.

) C)
B

N0) l< (D

Explaining diffraction

Using the de Broglie hypothesis, we can now attempt to explain electron diffraction.
An electron is travelling toward a very narrow slit. As it travels, its wave function
precedes it. The wave function will pass through the slit, mapping out the probable
positions of the electron. This wave function is diffracted by the slit, which makes it
possible for the electron to appear in the maxima of the pattern. If lots of electrons
pass through the slit then they will all land somewhere in the maxima of the
pattern, forming the electron diffraction pattern seen in the previous photo.

9 Anelectron is accelerated by a p.d. of 100V. Calculate its
(@) KEineV
(b) KEin joules
(c) de Broglie wavelength.

10 Calculate the de Broglie wavelength for a car of mass 1000 kg travelling at 15 m s~!. Why won't
you ever see a car diffract?

Heisenberg’s uncertainty principle

To find the path of a particle we need to know its position and momentum. Let us
try to limit the position of an electron in a parallel beam of electrons all with equal
momentum. We can do this by passing it through a narrow slit as in Figure 7.19.

The uncertainty in its position Ax as it passes through the slit is therefore equal to
the slit width. If the slit is wide, then the electron will pass straight through without
diffracting, so we know its future direction and hence its momentum, but the
uncertainty in position is large. To reduce this uncertainty, we can reduce the slit
width, but if we do that it will diffract. This gives an increased number of possibilities
for its path, so the uncertainty in momentum increases. This no-win situation is
called the Heisenberg uncertainty principle and can be expressed by the equation:

h
ApAx = in
A similar relationship exists when you try to define energy and time.

AEAt = h
o

< Figure 7.18 Electron A approaches

electron B.

The Davidson-Germer
experiment

In this experiment a beam of
electrons was reflected off a nickel
crystal. The angle of the maximum
intensity of reflected electrons
can be explained in terms of the
constructive interference of de
Broglie waves reflected off different
layers of atoms. This supports the
de Broglie hypothesis.

Don't know where it is but
it's definitely going this way.

H
f
)
|

a

/ Know where it is but
where is it going?

Figure 7.19 We can't know both
momentum and position accurately.

|
6 It is important to realise that the

uncertainty principle is not just
about measurement — it is about
the way things are.
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@ Quantum models of the atom

Assessment statements

13.1.11 Explain the origin of atomic energy levels in terms of the ‘electron in
a box’ model.

13.1.12 Outline the Schrédinger model of the hydrogen atom.

Returning to the atomic model, we know that atomic electrons can only have
discrete energy levels, which are different for each element. Treating atomic
electrons as waves gives us an insight into the reason why electrons can only have
certain discrete energy levels.

1st harmonic The electron in a box

The probability wave that defines the position of a free electron can be thought
of as a wave travelling along a string. As a peak moves down the string, the most
2nd harmonic likely position of the electron moves with it. An atomic electron is not free to
move outside the atom, and to model this we can think of a wave trapped in a
short length of string clamped at both ends (like a guitar string). When we trap a

wave in a string it reflects backwards and forwards, creating a standing wave. This
standing wave must have nodes at either end, so can only have certain frequencies,
the harmonics, as shown in Figure 7.20. This is very similar to the situation with
an atomic electron that can only have certain discrete energies. By treating an

A atomic electron as a probability wave trapped in a box, we can develop a quantum
Figure 7.20 model of the atom.

3rd harmonic

To pull an electron out of an atom you would need to exert a force to oppose

the electric attraction between the electron and the nucleus. We can think of the
electron as a ball in a potential well, as shown in Figure 7.21; the shape of the sides
of the well is determined by the electric force. This is rather complicated, so to
make life simpler, we will consider the potential well to be a square box.

The wavelength of the electron’s probability wave is governed by the size of the

box, the longest possible wavelength being 2L as shown in Figure 7.23.

Figure 7.21 An electron trapped in a h h
potential well. The de Broglie wavelength, A = =~ = —
P mv
o =
mA
The KE of the electron = %mvz
Electron most likely Substituting for v
to be here. . 1 W H?
ives KE = m X ——= =
/ v 2 nm?A? 2M°m _ L _

Zero probability of
electron being here.
< A
A 2L
Figure 7.22 The probability wave A=5
confined to a square box. Figure 7.23 ’




We know that the wavelength can have many values, as in Figure 7.23:

2L 2L 2L
L3
All possible waves can be defined by the equation A = %

where 7 is an integer (1,2,3....)
Substituting into the equation for KE gives

n? h?

KE =D

So by treating the electron as a wave trapped in a box, we find that the energy can
only be certain discrete values. From this we can predict the energy levels of the

hydrogen atom and hence the possible energy level changes that give rise to the
atomic spectra. Unfortunately this does not give the right result, as the model is a

bit too simple. However, we are on the right track.

Schrodinger’s model

Schrodinger realised that the probability that the electron is in a particular
position in the atom is defined by the square of a wave function, but that wave
function was not as simple as the sine wave used previously. The wave function is
called Schrodinger’s equation and is denoted by the Greek letter . The probability

of finding the electron is therefore ¢?. By
solving the equation for this wave trapped in
the potential well of the atom, Schrodinger
calculated the correct values for the possible
electron energies. His model also predicted
that some energy transitions were more likely,
explaining why some spectral lines are brighter
than others.

If we plot the probability function for the
different energies of the electron in hydrogen
we see that for a given energy there are some
places that the electron is more likely to be than
others, but the electron is not stationary — it

is moving about very quickly. So if we could
watch the electron, it would appear like a cloud,
even though there is only one electron. For

the hydrogen atom, some of these clouds form
spheres of different radius, the larger energy
clouds having bigger radius.

Figure 7.24 The probability densities and >
electron clouds for two of the possible electron
energies for the hydrogen atom.

Distance from




Figure 7.25 Deflection chamber of a
mass spectrometer.

Figure 7.26 \/elocity selector of a mass
spectrometer.
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@ Nuclear structure

Assessment statements
7.1.5 Explain the terms nuclide, isotope and nucleon.

7.1.6  Define nucleon number A, proton number Z and neutron number N
7.1.7  Describe the interactions in a nucleus.

7.3.3 Define the term unified atomic mass unit.

7.3.4 Apply the Einstein mass—energy equivalence relationship.

7.3.5 Define the concepts of mass defect, binding energy and binding
energy per nucleon.

7.3.6  Draw and annotate a graph showing the variation with nucleon
number of the binding energy per nucleon.

7.3.7  Solve problems involving mass defect and binding energy.

13.2.2 Describe how the masses of nuclei may be determined using a
Bainbridge mass spectrometer.

13.2.1 Explain how the radii of nuclei may be estimated from charged particle
scattering experiments.

Mass of the nucleus

The mass of a nucleus can be measured using a mass spectrometer. The principle
behind the operation of a mass spectrometer is that if nuclei of the same charge
and velocity are projected at right angles to a region of uniform magnetic field, the
radius of the resulting circular path will be proportional to their mass. Figure 7.25
shows this situation.

The centripetal force is provided by the magnetic force, so we can write the
equation:

V2
= BQv

. L B
Rearranging this gives m = TQr

So the mass is proportional to the radius, provided the velocity and charge are the
same.

In practice, it is difficult to remove all the electrons from an atom, leaving just the
nucleus, but it is enough to just remove one. This leaves the atom with a charge

of +e, the extra mass of the electrons making little difference. If we have a gas of
ionized atoms then we can increase their velocity by heating. However, as we know
from thermal physics, the atoms of a gas do not all have the same velocity. To select
atoms with the same velocity, a combination of electric and magnetic fields is used
(as shown in Figure 7.26).

An ion entering the velocity selector will experience two forces:
magnetic force F; = BQv (upwards) and

electric force F; = EQ (downwards).



These forces will be balanced if F; = Fg, and in this case the particle will continue
with a constant velocity.

For the forces to be balanced, BQv = EQ

This is only true when v = % so all the ions that continue in a straight line must

have velocity equal to %
To detect the ions, a photographic plate is positioned as in Figure 7.25. When ions
land on the plate, they change the chemical structure of the plate, which results

in a small black dot when the plate is developed. Counting the number of dots
enables the number of ions to be determined.

Assume all ions have a charge of +e.

01T
11 Considering the mass spectrometer in X
Figure 7.27, find
(a) the velocity of the ions coming through 100V X X\X
the velocity selector X X
(b) the mass of an ion with a deflection +++++ +
radius of 6 cm. X X X X X X /X
12 Anion of mass 5.1 X 10~26kg passes into 10cm X X X X X X
the deflection chamber of the mass - \f/
spectrometer in Question 11. X X X X X X X
What is its radius of deflection?  ——
oV
A
Figure 7.27

By measuring the masses of all known nuclei it was discovered that they all have a
mass that is a multiple of the same number. This led to the idea that the nucleus is
made up of smaller particles. In the same way, if you measured the mass of many

boxes of apples and found that the mass of every box was a multiple of 100 g, you

might conclude that the mass of each apple was 100 g.

Charge of the nucleus

It is also possible to measure the charge of all known nuclei. Each nucleus is found
to have a charge that is a multiple of the charge on the electron, but positive. It
would be reasonable to think that each of the particles in the nucleus must have

a positive charge, but that makes the charge too big. It is therefore suggested that
there are two types of particle in the nucleus, protons with positive charge and
neutrons with no charge.

helium hydrogen lithium

Nuclear masses are measured in
unified mass units (u).

Proton mass = 1.0078 u.
Neutron mass = 1.0086 u.

1 uis the mass ofﬂ—2 of the nucleus
of a carbon-12 isotope.

helium hydrogen lithium
A

Figure 7.28 Some different sized

nuclei.

Masses and charges
Proton mass = 1.672 x 107" kg
Neutron mass = 1.675 X 10~% kg

Proton charge = + 16x107°C
Neutron charge = 0

4 Figure 7.29 Nuclei showing protons
and neutrons.
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Size of the nucleus

The size of the nucleus can be determined by conducting a similar experiment to
the alpha scattering experiment of Geiger and Marsden. The alpha particles that
come straight back off the gold foil must have approached a nucleus head-on
following a path as shown in Figure 7.30.

Figure 7.30 ’ v Q
e P
R He—r——
m

Applying the law of conservation of energy to this problem, we can deduce that
at point P, where the alpha particle stops, the original KE has been converted to
electrical PE.

kQq
15
EWZVZ— 5
where Q = the charge of the nucleus (+Ze)
When Geiger and Marsden did O and g = the charge of the alpha (+2e)
their gold foil experiment they .
didn't have alphas with enough The KE of the alpha can be calculated from the change in the mass of a nucleus
energy to get close enough to when it is emitted (more about this later), so knowing this, the distance r can be
the gold nucleus to give a very calculated.
accurate value for its radius. They
did however get quite close to To determine the size of the nucleus, faster and faster alphas are sent towards the

aluminium nuclei. nucleus until they no longer come back. The fastest ones that return have got as

close to the nucleus as possible.

This is just an estimate, especially since (as is the case for all particles) the position
of the particles that make up the nucleus is determined by a probability function.
This will make the definition of the edge of the nucleus rather fuzzy.

13 Itis found that alpha particles with KE 7.7 MeV bounce back off an aluminium target. If the
charge of an aluminium nucleus is +2.1 X 10718 C, calculate:
(a) the velocity of the alpha particles (they have a mass of 6.7 X 107?" kg)
(b) the distance of closest approach to the nucleus.

Some quantities and terms related to the
nucleus

e Nucleon

The name given to the particles of the nucleus (proton, neutron).

e Nuclide

A combination of protons and neutrons that form a nucleus.

o Isotopes
Nuclei with the same number of protons but different numbers of neutrons (as
shown in Figure 7.31).

e Nucleon number (A)
The number of protons plus neutrons in the nucleus (e.g. lithium-7). This will be
different for different isotopes of the same element.




e Proton number (Z)
The number of protons in the nucleus (e.g. for lithium this is 3). This is always the
same for a given element.

e Neutron number (N)
The number of neutrons in a nucleus.

e Symbol for a nucleus
A nuclide can be represented by a symbol that gives details of its constituents,

7 = nucleon number
3 — proton number

14 How many protons and neutrons are there in the following nuclei?
(@ 3l
(b) Ni
(c) *%Pb

15 Calculate the charge in coulombs and mass in kg of a 3¢ Fe nucleus.

e.g. g Li

16 An isotope of uranium (U) has 92 protons and 143 neutrons. Write the nuclear symbol for this
isotope.

17 Describe the structure of another isotope of uranium, having the symbol %5 U.

The nuclear force (strong force)

If a metal wire is heated it will readily emit electrons. However, you would have

to heat it to temperatures approaching the temperature of the Sun before any
neutrons or protons broke free. The fact that it requires a lot of energy to pull the
nucleus apart implies that the force holding the nucleons together is a very strong
force. It is therefore not surprising that when particles do come out of the nucleus,
they have very high energy. We know that protons are positive, so they must repel
each other. However, the nuclear force is so much bigger than the electric force
that the nucleons are not pushed apart.

Although the nuclear force is strong, different nuclei do not attract each other.
This means that the force must be very short range, unlike the electric force that
extends forever.

Since protons repel each other, we might expect that the nuclear force would

be stronger between protons than between neutrons. If this were the case, then
nuclides with more neutrons would be pulled together more tightly than those
with a lot of protons. But since all nuclei have the same density, this is not the case.

So the nuclear force is very strong, short range and the same for all nucleons.

Binding energy

The binding energy is defined as the amount of work required to pull apart the
constituents of a nucleus.

If work is done, then energy must have been transferred to the nucleons. However,
they aren’t moving so haven’t any KE, and they aren’t in a field, so don’t have PE.

Where has the energy gone?
Einstein solved this problem with his famous equation

E= mc

lithium-7 lithium-6

A

Figure 7.31 Two isotopes of lithium.

e—©O

o—©

A
Figure 7.32 Work must be done to
pull a nucleus apart; if a nucleus is put
together then energy must be released.

We measure nuclear energies in
MeV. 1 MeV is the KE an electron
would gain if accelerated through a
p.d. of 1000000V.



E = mc? is probably the most famous
formula in the world — and Albert
Einstein, definitely the most famous
physicist.

Mass equivalents
Tkg=9Xx10'°J
1Tu=9315MeV

Figure 7.33 Graph of BE/nucleon vs
nucleon number.
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The energy has been converted into mass. This would imply that the mass of the
particles when they are apart is greater than when they are together. If a nucleus
has a large binding energy then it will require a lot of work to pull it apart — we say
it is stable.

The binding energy curve

It is possible to calculate the binding energy (BE) of a nucleus by finding the
difference between the mass of the nucleus and the mass of the parts — this is
called the mass defect. We can then plot a graph of BE per nucleon against nucleon
number for all known nuclei. The result is shown below.

binding energy
per nucleon/ 44
MeV

H

A\

T T T
0 50 100 150 200

nucleon number

From this chart we can see that some nuclei are more stable than others. Iron is in
fact the most stable, which is why there is so much of it. In nuclei where there are
a lot of protons the electric repulsion tends to push them apart. This means that



large nuclei are less stable, and there are no nuclei that have more than about
300 nucleons.

< Figure 7.34 To lift a ball out of the
bottom of a bowl we need to do work.
This is just like the BE of the nucleus.
When the ball is in the bowl, it does not
have this energy — it is what was lost
when it rolled to the bottom.

We have found that all physical systems will, if possible, reach a position of lowest
possible energy. So, if possible, a nucleus will change into one with lower energy
— this means that a nucleus will change to one with more BE. Remember, BE is
released when the nucleus is formed, so changing to a higher BE means energy is

released.
ZOQBi

As we can see from the section of the graph shown in Figure 7.35, **Th has a 25
higher BE than 2**U. It would therefore be energetically favourable for 2°U to
233Th

change into 2**Th. However this may not be possible.

234y
A
Nuclear masses Figure 7.35 A section of the BE curve.

V4 Symbol A Mass (u)

1 H 1 1.0078

1 D 2 2.0141

2 He 3 3.0160

3 Li 6 6.0151

4 Be 9 9.0122

7 N 14 14.0031
17 Cl 35 34.9689
26 Fe 54 53.9396
28 Ni 58 57.9353
36 Kr 78 77.9204
38 Sr 84 83.9134
56 Ba 130 129.9063
82 Pb 204 203.9730
86 Rn 211 210.9906 Database

For a fully searchable database of all
88 Ra 223 223.0185 nuclides, visit
www.heinemann.co.uk/hotlinks,

92 U 233 233.0396 enter the express code 4426P and

click on Weblink 7.3. Click on the
element in the Periodic Table to

The table gives a selection of nuclear masses measured in u. With these values it is find nuclear data.

possible to calculate the binding energy of the nucleus.
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Worked example

Calculate the binding energy of iron (Fe).

Nucleon Mass (u)
Proton 1.00782
Neutron 1.00866

Solution

From the table we can see that the iron nucleus is made of 26 protons and
(54 — 26) = 28 neutrons.

The total mass of the nucleons that make up iron is therefore:

26 X mass of a proton + 28 X mass of a neutron = 54.4458 u

But from the table, the mass of iron is 53.9396 u.

The difference between these two values is 0.5062 u.

But 1 u = 931.5 MeV, so this is equivalent to an energy of 0.5062 X 931.5 MeV
BE = 471.5MeV

Since there are 54 nucleons in iron then the binding energy per nucleon is
471.5

54 = 8.7 MeV/nucleon

18 Find uranium in the table of nuclear mass.
(@) How many protons and neutrons does uranium have?
(b) Calculate the total mass of the protons and neutrons that make uranium.
(c) Calculate the difference between the mass of uranium and its constituents (the mass defect).
(d) What is the binding energy of uranium in MeV?
(e) What is the BE per nucleon of uranium?

19 Enter the data from the table into a spreadsheet. Add formulae to the spreadsheet to calculate

Remember: 1u is equivalent to O the binding energy per nucleon for all the nuclei and plot a graph of BE/nucleon against nucleon
931.5 MeV. number.

@ Radioactive decay

Assessment statements

7.2.1 Describe the phenomenon of natural radioactive decay.

7.2.2 Describe the properties of a- and B-particles and +y-radiation.

7.2.3 Describe the ionizing properties of a- and B-particles and y-radiation.
7.2.4  Outline the biological effects of ionizing radiation.

7.2.5 Explain why some nuclei are stable while others are unstable.

13.2.3 Describe one piece of evidence for the existence of nuclear energy levels.
13.2.4 Describe B* decay, including the existence of the neutrino.




The nucleus can lose energy by emitting radiation. There are three types of
ionizing radiation: alpha, beta and gamma. Alpha and beta emissions result

in a change in the number of protons and neutrons. Gamma is a form of
electromagnetic radiation, similar to X-rays. When a nucleus changes in this way it
is said to decay.

KE = 5MeV

A B

BE = 400 MeV BE = 405MeV,

If nucleus A were made from its constituent protons and neutrons, 400 MeV of
energy would be released, but making B would release 405 MeV. Therefore if A
changes to B, 5 MeV of energy must be released. This excess energy is given to the
particle emitted.

Alpha radiation ()

Alpha particles have energies of about 5 MeV. To knock an electron out of an atom
requires about 10 eV, so alpha particles can ionize a lot of atoms before they lose
all their KE. This property makes them very easy to detect using a Geiger-Muller
tube, photographic paper or cloud chamber. It also makes them harmful since
ionizing atoms of human tissue causes damage to the cells similar to burning.

Due to their high reactivity and ionization, alpha particles have a range of only a
few centimetres in air and cannot penetrate paper.

Effect on nucleus
When a nucleus emits an alpha particle it loses 2 protons and 2 neutrons. The
reaction can be represented by a nuclear equation. For example, radium decays
into radon when it emits an alpha particle.

“*Ra— "2 Rn + jHe
4 nucleons are emitted, so the nucleon number is reduced by 4.
2 protons are emitted, so the proton number is reduced by 2.

4 Figure 7.36 A nucleus can emit
radiation only if the result is an increase
in binding energy.

4 Figure 7.37 An alpha particleis a
helium nucleus (2 protons +
2 neutrons).

<« Cloud chamber track of an alpha
particle. These are like mini vapour trails.
The red lines are some of the electrons
that the alpha has knocked off atoms in
the chamber.
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Figure 7.39

Energy released

When radium changes to radon the BE is increased. This leads to a drop in total
mass, this mass having been converted to energy.

Mass of radium > (mass of radon + mass of alpha)

Energy released = {massp, — (massg, + mass,j,)}c?

massy, = 226.0254u

massy, = 222.0176 u

massy. = 4.002602 u

Change in mass = 0.005198 u

This is equivalent to energy of 0.005198 X 931.5 MeV

Energy released = 4.84 MeV

Alpha energy

When an alpha particle is ejected
from a nucleus, it is like an
explosion where a small ball flies
apart from a big one, as shown in
Figure 7.38. An amount of energy
is released during the explosion,
which gives the balls the KE they
need to fly apart.

Applying the principle of
conservation of momentum:

momentum before = momentum after A
Alpha tracks in a cloud chamber. Note they are
0=1Xwv,—2800 Xy

¥y all the same length except for one.

800

The velocity of the big ball is therefore much smaller than the small one, which
means that the small ball gets almost all the kinetic energy. The energy available
when alpha particles come from a certain nuclear reaction is constant; it can

be calculated from the change in mass. We can see this if we look at the cloud
chamber tracks in the photo. As the particles pass through the vapour they ionize
vapour atoms, each ionization leading to a loss in energy. The more KE the particle
has, the more ionizations it can make; this leads to a longer track. We can see in
the photo that most of the tracks are the same length, which means all the alphas
had the same KE, say 5 MeV. However if we look carefully at the photo, we can see
there is one track that is longer. From the length of the track we can calculate it has
energy of 8 MeV. If we calculate the energy released when the nucleus decays, we
find it is 8 MeV, which means that when the nucleus is giving out the alphas with
low energy, it is remaining in an excited state. This energy will probably be lost at a
later time by the emission of gamma radiation. The nucleus seems to have energy
levels like atomic electrons. Figure 7.39 shows the energy levels that could cause
the change in this example.

Therefore v,=

Properties of alpha radiation

Range in air ~5cm

Penetration stopped by paper

lonizing ability very high

Detection GM tube, cloud chamber, photographic paper




Beta minus (8-)

Beta minus particles are electrons.They are exactly the same as the electrons
outside the nucleus but they are formed when a neutron changes to a proton.
When this happens an antineutrino is also produced.

Aeta

antineutrino
neutron proton

It appears that a neutron must be made of a proton with an electron stuck to it,
but this isn’t the case. Electrons cannot exist within the nucleus. One reason is that
electrons are not affected by the strong force that holds the nucleons together, and
the electric attraction between proton and electron is not strong enough to hold
the electrons in place. During beta decay, the neutron changes into the proton and
electron, rather like the frog that changes to a prince in the fairy tale.

Beta particles are not as heavy as alphas and although they travel with high speed
they are not as effective at knocking electrons off atoms. As a result they are not

as ionizing, although they do produce enough ions to be detected by a GM tube,
cloud chamber or photographic plate. Since betas are not as reactive or ionizing as
alphas, they pass through more matter and have a longer range in air.

Properties of beta radiation
Range in air ~30cm
Penetration ~1 mm aluminium
lonizing ability not very
Detection GM tube, cloud chamber, photographic paper

Effect on nucleus
When a nucleus emits a beta particle, it loses 1 neutron and gains 1 proton.

Carbon-14 decays into nitrogen-14 when it emits a beta particle.

WC—UN+e +7

Beta energy

As with alpha decay, the amount of energy available to the beta particles can be
calculated from the change of mass that occurs. However, in this case, the energy
is shared between the beta and the neutrino. If we measure the KE of the beta
particles, we find that they have a range of values, as shown in the beta energy
spectrum in Figure 7.41. When beta particles were first discovered, the existence

< Figure 7.40 Beta minus decay.

4 A cloud chamber image of a beta track
— notice it is much thinner than the
alpha tracks.

Antineutrino

An antineutrino is the antiparticle
of a neutrino. All particles have
antiparticles. You will understand
more about antiparticles if you do
the particle physics option.
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of the neutrino was unknown, so physicists were puzzled as to how the beta could
have a range of energies; it just isn’t possible if only one particle is ejected from a
heavy nucleus. To solve this problem, Wolfgang Pauli suggested that there must

be an ‘invisible’ particle coming out too. The particle was called a neutrino (small
neutral one) since it had no charge and negligible mass. Neutrinos are not totally
undetectable and were eventually discovered some 26 years later. However, they are
very unreactive; they can pass through thousands of kilometres of lead without an

interaction.
Figure 7.41 This graph shows the | 4 number of betas
spread of beta energy. It isn't really a with this energy

line graph but a bar chart with thin
bars. Notice how many betas have zero
KE - this is because they are slowed
down by electrostatic attraction to the

100 4--------= There are 100 betas emitted
with an energy of 2 MeV

nucleus. :
2 NIIeV kinetic energy
Beta-plus (3+) decay
A beta-plus is a positive electron, or positron. They are emitted from the nucleus
when a proton changes to a neutron. When this happens, a neutrino is also
produced.
@ positron
E : O neutrino
Proton Neutron
A A
Electrons (green) and positrons (red) are Figure 7.42 Beta-plus decay.

formed from gamma photons. Notice

now the B ﬁeld' (into pajqe) causes A positron has the same properties as an electron but it is positive (it is the
them to curve in opposite directions.

The bottom pair has more KE than the antiparticle of an electron), so beta-plus particles have very similar properties to
top pair, so the radius of their path is beta-minus. They penetrate paper, have a range of about 30 centimetres in air, and
greater. are weakly ionizing. The beta-plus track in a cloud chamber also looks the same
as beta-minus, unless a magnetic field is added. The different charged paths then
curve in opposite directions as shown in the photo.

The mass of a neutron is greater O
than the mass of a proton, so it is

possible for a neutron to change to

a proton outside the nucleus. B+

decay is, however, only possible in

a nucleus.

Effect on nucleus

When a nucleus emits a S+ it loses one proton and gains a neutron. An example
of a B+ decay is the decay of sodium into neon.

ﬁNa — %Ne +et+v



20 ‘z‘g Ca (calcium) decays into Sc (scandium) by emitting a B-particle. How many protons and
neutrons does Sc have?

21 Cs (caesium) decays into '3/ Ba (barium) by emitting a B-particle.

How many protons and neutrons does Cs have?

Gamma radiation (v)

Gamma radiation is electromagnetic radiation, so when it is emitted there is no
change in the particles of the nucleus — they just lose energy. Each time a nucleus
decays, a photon is emitted. As we have seen, the energy released from nuclear
reactions is very high, so the energy of each gamma photon is also high. The
frequency of a photon is related to its energy by the formula E = hf. This means
that the frequency of gamma photons is very high. Their high energy also means
that if they are absorbed by atomic electrons, they give the electrons enough
energy to leave the atom. In other words they are ionizing — which means they can
be detected with a GM tube, photographic paper or a cloud chamber. As they pass
easily through human tissue, gamma rays have many medical applications.

Gamma energy

Gamma photons are often emitted when a nucleus is left in an excited state after
emitting another form of radiation e.g. beta.

Consider the following example of beta decay
PR RC 4B 47
The BE of 2B is 79 MeV and the BE of 2C is 92 MeV
The energy released during this decay is therefore:
92 — 79 = 13MeV
This can result in a maximum f energy of 13 MeV.

Alternatively, only 10 MeV could be given to the 8 leaving the nucleus in an
excited state. The extra energy could then be released as a gamma photon of
energy 3 MeV.

Decay chains

Radioactive nuclei often decay into other nuclei that are also radioactive; these in
turn decay, forming what is known as a decay chain. An example of a decay chain
is the uranium-235 series that starts with plutonium and ends with lead. The table
below includes the isotopes at the start of this series.

Table of nuclear masses

V4 Symbol A Mass (u)

94 Pu 239 239.052156
92 U 235 235.043923
91 Pa 231 231.035883
90 Th 231 231.036304
90 Th 227 227.027704
89 Ac 227 227.027752

Antimatter

Itis also possible for a proton

to change into a neutron and a
positive electron plus a neutrino.
The positron is in some way the
opposite of an electron — it is called
an antiparticle. The antineutrino v is
also the antiparticle of the neutrino.
Every particle has an antiparticle.
Atoms made of negative positrons
and positive electrons are called
antimatter.
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Note:

For the alpha decays in the following exercises, you will also need to know that the
mass of an alpha particle is 4.002602 u. But you don’t need to include the mass

of the beta since it is already taken into account. This is because the masses are
actually atomic masses, which include the electrons in a neutral atom. If you add
up the electrons, you will discover that there is already an extra one on the left of
the equation.

22 State whether the following are a- or B-decays.
(a) 2%y — 235U
(b) 25U — 3'Th
(c) Z2'Th — #'Pa

23 |n each of the examples above, use the information in the table to calculate the energy released.

Nuclear radiation and health

Alpha and beta particles have energies measured in MeV. To ionize an atom requires
about 10 €V, so each particle can ionize 10° atoms before they have run out of energy.
When radiation ionizes atoms that are part of a living cell, it can affect the ability of
the cell to carry out its function or even cause the cell wall to be ruptured. If a large
number of cells that are part of a vital organ are affected then this can lead to death.
In minor cases the effect is similar to a burn. The amount of harm that radiation
can cause is dependent on the number and energy of the particles. When a gamma
photon is absorbed, the whole photon is absorbed so one photon can ionize only
one atom. However, the emitted electron has so much energy that it can ionize
further atoms, leading to damage similar to that caused by alpha and beta.

Very high dose
e Can affect the central nervous system, leading to loss of coordination and death
within two or three days.

Medium dose
e Can damage the stomach and intestine, resulting in sickness and diarrhoea and
possibly death within weeks.

Low dose
e Loss of hair, bleeding and diarrhoea.
A
A radiation burn caused during Safe dose
radiotherapy for cancer. e Allionizing radiation is potentially harmful so there is no point below which
it becomes totally safe. However, at very low levels the risk is small and can be
outweighed by the benefits gained when, for example, an X-ray is taken of a
broken leg.
Long term
e There is some evidence that after exposure to radiation, the probability of
A lot of the data about the effect 6 getting cancer or having a child with a genetic mutation increases.
of radiation comes from studying
the victims of the atom bombs Cancer

dropped on Japan in the Second
World War. Is it ethically correct to
use this data?

Rapidly dividing cancer cells are very susceptible to the effects of radiation and are
more easily killed than normal cells. In radiotherapy, nuclear radiation is used to
cure cancer by killing the cancerous cells.



Protection against radiation

There are two ways that we can reduce the effect of nuclear radiation: distance
and shielding. Alpha and beta radiation have a very short range in air, so will
not be dangerous a few metres from the source. The number of gamma photons
decreases proportional to % (where ris the distance from the source), so the
further away you are, the safer you will be. Although alpha is the most ionizing
radiation, it can be stopped by a sheet of paper (although this means that alpha
is the most harmful if ingested). Beta and gamma are more penetrating, so need
a thick lead shield to provide protection.

@ Half-life

Assessment statements
7.2.6  State that radioactive decay is a random and spontaneous process and

that the rate of decay decreases exponentially with time. A —

fi he t dioactive half-lif A suit designed to protect the wearer

7.2.7 Define t e term ra I.OC-)C ive ha -'/ @ from radiation.
7.2.8 Determine the half-life of a nuclide from a decay curve.
7.2.9 Solve radioactive decay problems involving integral numbers of half-

lives.

13.2.5 State the radioactive decay law as an exponential function and define
the decay constant.

13.2.6 Derive the relationship between decay constant and half-life.

13.2.7 Outline methods for measuring the half-life of an isotope.

13.2.8 Solve problems involving radioactive half-life.

A nucleus that can decay into another is said to be unstable; the more energy

released, the more unstable the nucleus is. To view a simulation of random
decay, visit

It is not possible to say exactly when an unstable nucleus will decay, but if you compare www.heinemann.co.uk/hotlinks,

two nuclei, then the one that is most unstable is most likely to decay first. It is like enter the express code 4426P and

watching two leaves on a tree — you don’t know which will fall first, but the brown glsseptiselire:

crinkly one will probably fall before the green one. Staying with the tree analogy, it is
also the case that the number of leaves that fall in an hour will be greater if there are
more leaves on the tree. In the same way, the number of decays per unit time of an

amount of unstable material is proportional to the number of nuclei. A

Rate of decay o number of nuclei. 100+

rate of decay greatest at start
gradient = 60 decays/sec

The exponential decay curve

If we start with 100 unstable nuclei, then as time progresses and number.
the nuclei decay, the number of nuclei remaining decreases. As of nuclei 40
this happens, the rate of decay also decreases. If we plot a graph
of the number of nuclei against time, the gradient (rate of
decay) starts steep but gets less steep with time.

A\

. . " 6
This curve tends towards zero but will never get there (it’s an time/s
asymptote), so it is impossible to say at what time the last nucleus A
will decay. However, we can say how long it will take for half of the Figure 7.43 The shape of the decay

nuclei to decay — this is called the half-life. QRO BEC RIS
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An artist's impression of nuclei }
randomly emitting alpha particles.

Half-life
The half-life is defined as the time taken for half of the nuclei in a sample to decay.

In Figure 7.44, you can see that the time taken for the original 100 nuclei to decay
to 50 is 1 second. The half-life of this material is therefore 1second. You can also
see that after each further second the number of nuclei keeps on halving.

Figure 7.44 Decay curve showing ’ 0

half-life. 100+ original number of nuclei = 100
804

60
number

of nuclei 40 after 1s only 50 nuclei left

20

0 T T T
0 1 2 3 4 5 6

time/s

A\

Activity

It is not very easy to count the number of undecayed nuclei in a sample — it is
much easier to measure the radiation. Since the rate of decay is proportional to the
number of nuclei, a graph of the rate of particle emission against time will have
the same shape.

A
Figure 7.45 Activity vs time. }
601} original activity = 60 counts/sec

50\ thisis the same as the gradient
of the first graph (Figure 7.44)
401

activity 30
(counts/sec)

o

A\

0 1 2 3 4 5 6
time/s




Worked examples

Cobalt-60 decays by beta emission and has a half-life of approximately 5 years. If
a sample of cobalt-60 emits 40 beta particles per second, how many will the same
sample be emitting in 15 years time?

Solution

After 5 years the activity will be 20 particles per second.
After another 5 years it will be 10 particles per second.

Finally after a further 5 years it will emit 5 particles per second (5Bq).

24 "N decays into 7O with a half-life of 4 s. How much "N will remain after 16 s, if you start with
200g?

25 '""Be decays into ''B with a half-life of 14 s. If the 'Be emits 100 particles per second, how many
particles will it emit after 42 s?

26 A sample of dead wood contains ﬂ—6 of the amount of 'C that it contained when alive. If the half-
life of C is 6000 years how old is the sample?

The exponential decay equation

If the time for a decay is a whole number of half-lives, it is easy to calculate how
much of a sample has decayed. However, if not then you need to use the decay
equation.

We have seen that radioactive decay is a random process, therefore: the rate of
decay is proportional to the number of undecayed nuclei. We can write this a
differential equation:

N _

ar —AN

where A is the decay constant.

You have probably learnt how to solve equations like this in mathematics, using
the method of ‘separation of variables’ and integrating between time 0 when
N = N, and time twhen N = N,

The solution is:
N, = Ny

This is called an exponential decay equation.

The decay constant

The decay constant, A tells us how quickly the material will decay.
This is illustrated by the two lines in Figure 7.46.

The blue line has the bigger decay constant so decays more rapidly.

O Becquerel (Bq)

The becquerel is the unit of activity,
measured as counts per second.

O Carbon dating

There are two isotopes of carbon
in the atmosphere: '“C and '°C. 1°C
is stable but C is radioactive with
a half-life of 6000 years. However,
itis made as quickly as it decays,
so the ratio of "C to °C is always
the same. As plants grow, they
continuously absorb carbon from
the atmosphere, so the ratio of

14C 1o C s also constant in them.
When plants die, the '“C decays, so
by measuring the ratio of “C to '°C,
the age of a piece of dead organic
matter can be found.

O Use of spreadsheets
You can use a spreadsheet like

Excel to plot the decay curve
and see what happens when
you change A. The exponential
equation in Excel is exp().

From the equation % = — AN we can see that the units of A are s™!.
If we only have one nucleus then % = —A. If this is large then the rate

of decay of that nucleus is high. But with one nucleus you can’t really
talk about the rate of decay — instead we really mean the probability
of it decaying, so A is the probability of a nucleus decaying in a second.

0 T T T T T T T T T T
0 20 40 60 80 100 120 140 160 180 200 1/

A
Figure 7.46 Two exponential decays
with different decay constants.
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In(A)
In(Ay)
—A
\ t
A
Figure 7.47 Graph used to determine
the half-life.

Relationship between )\ and half-life

The half-life, # is the time taken for the number of nuclei to decay to half the
original value. So if the original number of nuclei = Nj then after #; seconds there

will be = nuclei. If we substitute these values into the exponential decay equation,

2
we get:
N, -
70 = Nye M
Cancelling N,
1 . —An
2Te
Taking natural logs of both sides gives
In(3) = —An
This is the same as
In2 = Atl
S b = 0.?\93

So if we know the decay constant, we can find the half-life or vice versa.

Activity equation
The activity, A, of a sample is the number of particles (¢, B or y) emitted per unit
time. This is the same as the number of decays per unit time M) so the equation

dt

for how the activity varies with time is also exponential.
A =A™

You can use ‘decays per second’ as the unit of activity, but the SI unit is the
becquerel (Bq). This is the amount of a given material that emits 1 particle per
second, so if you have a piece of material that has an activity of 5 Bq then it will
emit 5 particles per second.

Measuring half-life

There are two ways to measure the half-life of an isotope; either measure the
activity over a period of time or the change in number of nuclei.

In the school laboratory you might do an experiment using an isotope with a half-
life of a few minutes, such as protactinium. In this case it is possible to measure
the count rate every 10 seconds for a couple of minutes and find the half-life from
that. The best way to analyse the data is to plot In(A,) against . If you take logs of
the activity equation you get:

In(A) = In(4,) — At
So if you plot In(A,) against ¢ you will get a straight line with —A as the gradient.

If the half-life is very long then you would have to wait a very long time before the
count rate changed. In this case, a mass spectrometer could be used to find the
number of different nuclei present at different times rather than the activity.

Radioactive dating
Potassium-argon dating

Potassium-argon dating is used to date rocks. Potassium-40 decays to argon-40
with a half-life of 1.26 X 10° years. When rock containing potassium is molten



(hot liquid) any argon that is formed will bubble up to the surface and leave the
rock, but when the rock solidifies the argon is trapped. If a rock sample is heated

N
6 Radioactive dating brings science

into conflict with some religions,
the argon atoms are released and can be counted with a mass spectrometer. If you as the age of Earth calculated from

radioactive dating doesn't agree

with the age given in religious

teaching. How can these conflicts

be resolved?

also count the potassium nuclei you can calculate the age of the rock.

Carbon dating

Carbon dating is only used for organic material up to about 60 000 years old.
There are two isotopes of carbon present in living material: carbon-12 and
carbon-14. The percentage of "*C/"?C is always the same in living things (about

1o : M : . 14C half-life
107'99%) but when they die, the C begins to decay. As it decays, the percentage

The half-life of 'C is 6000 years.

decreases exponentially. If you measure the percent of *C/'2C in a dead specimen, It can't be used to date samples
you can calculate its age using the formula older than about 10 half-lives
(60000 years).

0, =0 —At
/Onow - A)originally Xe

where the original percentage is 107'°%.

Worked example

Protactinium has a half-life of 70 s. A sample has an activity of 30 Bq. Calculate its
activity after 10 minutes.

Solution
We are going to use the equation A, = Aje™*". First we need to find the decay

constant A = @ =99 X 1073s7!

The activity after 700s is now = 30 X ¢~ %9 % 107° %700 = ( 03 Bq

27 A sample has activity 40 Bq. If it has a half-life of 5 mins, what will its activity be after 12 mins?

@ Hint: You don't have to convert
everything into seconds. If half-life is in

i ; ) ) years then A is year™'.
28 The activity of a sample of strontium-90 decreases from 20 Bq to 15.7 Bq in 10 years. What is the

half-life of strontium 90?

29 A sample of rock is found to contain 7 X 10'° potassium-40 nuclei and 3 X 10'° argon nuclei.
Calculate

(a) the original number of potassium nuclei present in the sample

(b) the age of the sample.

30 A sample of dead wood contains 0.9 X 107'%% '4C compared to ?C. What is the age of the
sample?

31 Cobalt-60 has a half-life of 5.27 years. Calculate
(@) the half-lifein s
(b) the decay constant in s~'
(c) the number of atoms in one gram of ®®Co
(d) the activity of | gram of ®°Co

(e) the amount of ®°Co in a sample with an activity of 50 Bg.
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@ Nuclear reactions

Assessment statements

7.3.1 Describe and give an example of an artificial (induced) transmutation.

7.3.2 Construct and complete nuclear equations.

7.3.8 Describe the processes of nuclear fission and nuclear fusion.

7.3.9 Apply the graph in 7.3.6 to account for the energy release in the
processes of fission and fusion.

7.3.10 State that nuclear fusion is the main source of the Sun’s energy.

7.3.11 Solve problems involving fission and fusion reactions.

Transmutation

We have seen how nuclei can change from one form to another by emitting
radioactive particles. It is also possible to change a nucleus by adding nucleons.
These changes or transmutations can occur naturally, as in the production

of nitrogen from carbon in the atmosphere, or can be artificially initiated by
bombarding a target material with high-energy particles.

Transmutation of nitrogen into carbon

Nuclide/particle Mass (u)
14N 14.0031

neutron 1.008664

14C 14.003241

proton 1.007825

14 1 14 1
N+ m—C+ p
In this reaction, a nitrogen nucleus absorbs a neutron and gives out a proton.

Note: In all nuclear reactions, the nucleon number and proton number must
balance.

Comparing the masses before and after the reaction:

Initial mass — final mass = 0.000698 u

This loss of mass must have been converted to the KE of the proton.
E =931.5 X 0.000698 = 0.65 MeV

Remember: 1u = 931.5 MeV.

32 In the following transmutations, fill in the missing nucleon and proton numbers.
(a) jHe+ 50— F+ H+n
4 ? 1
(b) 5He +1§1 Sb— 1+ 2;n
(€ H+'N—=[0+n
(d) 3IP— P+ In+y




33 (a) Using the table, calculate the change in mass in Question 32 (a).

Nuclide/particle Mass (u)
“He 4.002 603
L@ 15.994 914
8 18.998 403

H 1.007 825
neutron 1.008 664

You will notice that this is a negative number, which means that energy is required to make
it happen. This energy is supplied by a particle accelerator used to accelerate the helium
nucleus.

(b) From your previous answer calculate the KE of the He nucleus.

Nuclear fusion
Nuclear fusion is the joining up of two small nuclei to form one big one.
If we look at the BE/nucleon vs nucleon number curve (Figure 7.48), we see

that the line initially rises steeply. If you were to add two >H nuclei to get one
;He nucleus, then the He nucleus would have more BE per nucleon.

4 An artist's impression of the fusion of *H
and 3H to form “He.

4 4 Figure 7.48 BE/nucleon vs nucleon
number curve, showing fusion
8- possibility.
ae ONe “He nucleus has 4 nucleons so
6 has a total BE = 4 X 7 MeV = 28 MeV
binding energy
per nucleon/ |
MeV
24 two 2H nuclei have a total of 4
24 nucleons so total BE = 4 X 1 MeV = 4 MeV
0 T >

0 50 100 150 200
nucleon number
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If we add up the total BE for the helium nucleus, it has 24 MeV more BE than
the two hydrogen nuclei. This means that 24 MeV would have to be released; this
could be by the emission of gamma radiation.

Nuclide Mass in u
'H 1.007825
2H 2.014 101
3H 3.016 049
3He 3.016 029
‘He 4.002 603
°n 1.008 664

Worked example

Calculate the energy released by the following reaction:
H+H—jHe+n

Solution

If the masses are added, we find that the mass of the original nuclei is greater than
the mass of the final ones. This mass has been converted to energy.

Mass difference = 0.018883 u
lu is equivalent to 931.5 MeV so energy released = 17.6 MeV

Each small nucleus has a positive charge so they will repel each other. To make the

nuclei come close enough for the strong force to pull them together, they must be
it wouldn't be possible to conserve O t}.lrown together with very high veloc.1ty. For this to take place, the matter m.uét
it [4E a1ne] memaniium e either be heated to temperatures as high as the core of the Sun (about 13 million

fast moving nuclei collided and kelvin) or the particles must be thrown together in a particle accelerator.

fused together. That's why all the . . .
reactions result in two particles not The fusion reaction produces a lot of energy per unit mass of fuel and much

one big one. research has been carried out to build a fusion reactor. You can read more about
this in Chapter 8.

34 Use the data in the table above to calculate the change in mass and hence the energy released
in the following examples of fusion reactions:

(@ ZH+?H—3He+n
(b) 2H+H—H+1p
(6 ’H+3He—iHe+1p

Nuclear fission

Looking at the right-hand side of the graph we see that if one large nucleus is split
into two smaller ones, then the total BE would again be increased. This reaction
forms the basis of the nuclear reactor that you will learn more about in Chapter 8.




4 92 4 Figure 7.49 BE/nucleon vs nucleon
36 Kr number curve showing fission
8 possibility.
T 141 236
56 B2 0 U
6 -
binding energy
per nucleon/ i
MeV
2 -
0 T T T T >
0 50 100 150 200

nucleon number

Worked example

Find the energy released if uranium-236 splits into krypton-92 and barium-141.

Solution
BE of 2°U = 236 X 7.6

= 1793.6 MeV

BE of Y'Ba = 141 X 8 @ Examiner’s hint: Use the graph to
find the BE per nucleon.

= 1128 MeV

BE of 2Kr = 92 X 8.2

= 754.4 MeV

Gain in BE = (1128 + 754.4) — 1793.6
= 88.8 MeV

Since this leads to a release of energy, this process is possible.

Table of nuclear masses

V4 Symbol A Mass (u)
92 U 233 233.039628
92 U 236 236.045563
42 Mo 100 99.907476
50 Sn 126 125.907653
56 Ba 138 137.905233
36 Kr 86 85.910615

0 n 1 1.008664

Use the table above to answer the following questions. ® Examiner’s hint: To answer these

35 |f 26U splits into '®Mo and '%°Sn, how many neutrons will be produced? Calculate the energy questions you must find the difference in
released in this reaction. mass between the original nucleus and
36 233U splits into '**Ba and #Kr plus 9 neutrons. Calculate the energy released when this takes place. the products. To convert to MeV, simply

multiply by 931.5.
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Practice questions

1 This question is about nuclear reactions.
(@) Complete the table below, by placing a tick (v) in the relevant columns, to show
how an increase in each of the following properties affects the rate of decay of a
sample of radioactive material.

Effect on rate of decay
Property -
increase decrease stays the same
temperature of sample
pressure on sample
amount of sample (2)

Radium-226 (%5 Ra) undergoes natural radioactive decay to disintegrate
spontaneously with the emission of an alpha particle (a-particle) to form radon
(Rn). The masses of the particles involved in the reaction are

radium: 226.0254u
radon: 222.0176u
a-particle: 4.0026 u
(b) (i) Complete the nuclear reaction equation below for this reaction.
o i
(ii) Calculate the energy released in the reaction. (3)

(c) The radium nucleus was stationary before the reaction.
(i) Explain, in terms of the momentum of the particles, why the radon nucleus

and the a-particle move off in opposite directions after the reaction. (3)
(i) The speed of the radon nucleus after the reaction is v, and that of the

a-particle is v,. Show that the ratio % is equal to 55.5. (3)
(iii) Using the ratio given in (i) above, deduce that the kinetic energy of the

radon nucleus is much less than the kinetic energy of the a-particle. (3)

(d) Not all of the energy of the reaction is released as kinetic energy of the a-particle
and of the radon nucleus. Suggest one other form in which the energy is released. (1)

Another type of nuclear reaction is a fusion reaction. This reaction is the main source of
the Sun’s radiant energy.
(e) (i) State whatis meant by a fusion reaction.

(ii) Explain why the temperature and pressure of the gases in the Sun’s core
must both be very high for it to produce its radiant energy. (5)
(Total 25 marks)

2 This question is about nuclear reactions.
(@) (i) Distinguish between fission and radioactive decay. (4)
A nucleus of uranium-235 (zggu) may absorb a neutron and then undergo fission to
produce nuclei of strontium-90 (ZgSr) and xenon-142 (“;ﬁXe) and some neutrons.
The strontium-90 and the xenon-142 nuclei both undergo radioactive decay with
the emission of B particles.
(ii) Write down the nuclear equation for this fission reaction. (2)
(i) State the effect, if any, on the mass number (nucleon number) and on the
atomic number (proton number) of a nucleus when the nucleus undergoes
B decay.
Mass number: Atomic number: (2)




The uranium-235 nucleus is stationary at the time that the fission reaction occurs. In
this fission reaction, 198 MeV of energy is released. Of this total energy, 102 MeV and
65 MeV are the kinetic energies of the strontium-90 and xenon-142 nuclei respectively.
(b) (i) Calculate the magnitude of the momentum of the strontium-90 nucleus.  (4)
(ii)  Explain why the magnitude of the momentum of the strontium-90 nucleus
is not exactly equal in magnitude to that of the xenon-142 nucleus. (2)

On the diagram right, the circle represents
the position of a uranium-235 nucleus
before fission. The momentum of the

strontium-90 nucleus after fission is
represented by the arrow. Q
(iii) On the diagram above, draw an arrow to represent the momentum of the
xenon-142 nucleus after the fission. (2)

strontium-90

(c) In afission reactor for the generation of electrical energy, 25% of the total energy
released in a fission reaction is converted into electrical energy.
(i) Using the data in (b), calculate the electrical energy, in joules, produced
as a result of nuclear fission of one nucleus. (2)
(ii) The specific heat capacity of water is 4.2 X 10° ) kg_1. Calculate the
energy required to raise the temperature of 250 g of water from 20 °C to
its boiling point (100°C). (3)
(iii) Using your answer to (c)(i), determine the mass of uranium-235 that must
be fissioned in order to supply the amount of energy calculated in (c)(ii).
The mass of a uranium-235 atom is 3.9 X 107> kg. (4)
(Total 25 marks)
This question is about nuclear binding energy.
(@) (i) Define nucleon. (1)
(ii)  Define nuclear binding energy of a nucleus. (1)

The axes below show values of nucleon number A (horizontal axis) and average
binding energy per nucleon £ (vertical axis). (Binding energy is taken to be a
positive quantity.)
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(b) Mark on the £ axis above, the approximate position of

(i) the isotope 3¢ Fe (label this F). (1)
(i) the isotope 2H (label this H). (1)
(i) the isotope %35 U (label this U). (1

(c) Using the grid in part (a), draw a graph to show the variation with nucleon
number A of the average binding energy per nucleon £. (2)

(d) Use the following data to deduce that the binding energy per nucleon of the
isotope 3 He is 2.2 MeV.

nuclear mass of >He = 3.01603 u

mass of proton = 1.00728 u

mass of neutron = 1.00867 u (3)
In the nuclear reaction
2H+2H — 3He + [n
energy is released.

(e) (i) State the name of this type of reaction. (1
(i) Use your graph in (c) to explain why energy is released in this reaction.  (2)
(Total 13 marks)

4 This question is about the wave nature of matter.

(@) Describe the concept of matter waves and state the de Broglie hypothesis (3)

(b) An electron is accelerated from rest through a potential difference of 850V. For this
electron

(i) calculate the gain in kinetic energy. (1)

(ii) deduce that the final momentum is 1.6 X 1072 Ns. (2)

(iii) determine the associated de Broglie wavelength.
(Electron charge e = 1.6 X 1071°C, Planck constant h = 6.6 X 10734]s)(2)
(Total 8 marks)
© International Baccalaureate Organisation

5 This question is about the Bohr model of the hydrogen atom.
(@) The diagram below shows the three lowest energy levels of a hydrogen atom as
predicted by the Bohr model.

Energy
n=3 —1.51eV
n=2 —3.40eV
n=1 —13.6 eV

State two physical processes by which an electron in the ground state energy level
can move to a higher energy level state. (2)

(b) A parallel beam of white light is directed through monatomic hydrogen gas as
shown in the diagram opposite. The transmitted light is analysed.




hydrogen

white light gas transmitted
beam light beam
—- ——-

White light consists of photons that range in wavelength from approximately
400 nm for violet to 700 nm for red light.
(i) Determine that the energy of photons of light of wavelength 658 nm is
about 1.89eV. (2)
(ii) The intensity of light of wavelength 658 nm in the direction of the transmitted
beam is greatly reduced. Using the energy level diagram in (a) explain this

observation. (3)
(iii) State two ways in which the Schrodinger model of the hydrogen atom differs
from that of the Bohr model. (2)

(Total 9 marks)
© International Baccalaureate Organisation

6 This question is about the photoelectric effect.
(a) State one aspect of the photoelectric effect that cannot be explained by the wave
model of light. Describe how the photon model provides an explanation for this
aspect. (2)
Light is incident on a metal surface in a vacuum. The graph below shows the
variation of the maximum kinetic energy £, of the electrons emitted from the
surface with the frequency fof the incident light.

v/ €V 4-

0 T T T T T T 1 f/ X 10"Hz
14

(b) Use data from the graph to determine
(i) the threshold frequency. (2)
(ii) a value of the Planck constant. (2)
(iii) the work function of the surface. (2)
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The threshold frequency of a different surface is 8.0 X 10" Hz.

(c) On the axes opposite, draw a line to show the variation with frequency fof the
maximum kinetic energy ., of the electrons emitted. (2)
(Total 10 marks)
© International Baccalaureate Organisation

This question is about radioactive decay and the age of rocks.

A nucleus of the radioactive isotope potassium-40 decays into a stable nucleus of

argon-40.

(@) Complete the equation below for the decay of a potassium-40 nucleus.

?g K— ;‘gAr 4F (2)

A certain sample of rocks contains 1.2 X 10~ g of potassium-40 and 7.0 X 10~6g of

trapped argon-40 gas.

(b) Assuming that all the argon originated from the decay of potassium-40 and that
none has escaped from the rocks, calculate what mass of potassium was present
when the rocks were first formed. (1)

The half-life of potassium-40 is 1.3 X 10 years.

(c) Determine

(i) the decay constant of potassium-40. (2)
(i) the age of the rocks. (2)

(Total 7 marks)
© International Baccalaureate Organisation

This question is about charged particles in a magnetic field.

A beam of singly ionized atoms moving at speed v enters a region of magnetic field
strength B as shown below.

uniform magnetic field
into plane of paper

X X X X X
X X X X X

direction of motion
of ionized atoms

XX X X X X X
X X X X X X X
X X X X X X X

X
X
X X X X

The magnetic field is directed into the plane of the paper. The ions follow a circular path,
(@) Deduce that the radius r of the circular path is given by

— mv
Bg
where m and q are the mass and charge respectively of the ions. (2)
In one particular experiment, the beam contains singly ionized neon atoms all moving
at the same speed. On entering the magnetic field, the beam divides in two. The path of
the ions of mass 20 u has radius 15.0 cm.

(b) Calculate, in terms of u, the mass of the ions having a path of radius 16.5cm.  (2)
The atomic number (proton number) of neon is 10.

(c) State the number of protons and neutrons in each type of neon ion. (2)
(Total 6 marks)
© International Baccalaureate Organisation
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Energy degradation and power
generation

Assessment statements

8.1.1 State that thermal energy may be completely converted to work in a
single process, but that continuous conversion of this energy into work
requires a cyclical process and the transfer of some energy from the
system.

8.1.2  Explain what is meant by degraded energy.

8.1.3 Construct and analyse energy flow diagrams (Sankey diagrams) and
identify where the energy is degraded.

8.1.4  Outline the principal mechanisms involved in the production of
electrical power.

In this section we will look at how we use energy. You already know from the
law of conservation of energy that energy cannot be created or destroyed. So we
cannot make energy, we can only change it from one form to another. There are
only two ways to transfer energy from one body to another — either by doing
work or by transfering thermal energy. Before looking at the different ways that
we utilize sources of energy, we will consider the basic physical principles behind
converting the energy possessed by different sources into useful work.

Fuels

When we think of sources of energy we often think of fuels such as coal, oil and
nuclear fuel. A fuel is a substance that can release energy by changing its chemical
or nuclear structure. For example, when a piece of coal burns it is changing

its chemical structure. As far as we need to know, that means that the atoms

are changing their positions; this leads to a reduction in their PE and hence an
increase in their KE. The average KE is related to the temperature of the material
so the coal gets hot. This is obviously great if we need heat but if we want to use
the energy to turn the wheels of a machine we need an engine — coal can’t do work
on its own. There are many different types of engine but they all work on the same
physical principles. To demonstrate this we will consider a very simple but rather
impractical engine that uses a hot air balloon.

The hot air balloon engine

Figure 8.1 shows the hot air balloon engine; it might never have been made but
it would work. The hot air in the balloon is less dense than the surrounding cold
air so the balloon floats up in the same way that a cork will float to the top of a
bowl of water. As the balloon rises, a rope attached to it turns the reel, producing




Figure 8.1 Underneath the balloon is a
flame which heats the air in the balloon
and this drives the engine.

Figure 8.2 As time progresses the
energy from the dropped block spreads
further and further through the ground.

>
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mechanical energy, so the balloon is doing work on the reel. The heat produced by
the burning fuel is being converted to energy that could be used to turn a machine
or drive a car.

The problem is that once the rope has all been used up the machine will stop. To
make a continuous process you have to get the balloon down and to do that it has
to lose thermal energy. If the balloon loses thermal energy and cools down it will
fall back to the ground and the process can be repeated. This is true for all engines;
they can only work if some thermal energy is transferred to the surroundings.

You may think that if you could catch this energy then you could use it again and
create a machine that kept on going forever without requiring any input of energy,
a perpetual motion machine, but this is not possible.

The second law of thermodynamics

For many years scientists tried to make engines that would turn thermal energy
into useful work without loss of heat. Eventually they decided that their failure was
not due to bad experimental method but that it simply wasn’t possible. A law was
written to take this into account.

It is impossible to take heat from a hot object and use it all to do work without
losing some to the surroundings.

The reason for this is all to do with the nature of matter and the way it behaves in
our universe. We have seen that matter is made up of molecules and if you transfer
thermal energy to a body then the molecules start to move faster. If we take the
example of a block (whose temperature is 0 K) falling to the ground as in Figure
8.2, then we start with the PE of the block held above the ground and end up with
thermal energy when it hits the ground. If we compare the molecules before and
after, then we see that before, all the molecules had about the same energy due to
their position above the ground, but afterwards the energy is spread out between
the molecules in the ground and the block. Whenever energy is transferred it
always spreads out, and once it spreads out you can’t get it back. This is why
engines cannot convert heat completely to do work and also why it is not possible
to make a perpetual motion machine: energy is always lost to the surroundings.

before drop (same energy
throughout block)

RIS
WA

@%%W after drop (energy is spread)

Degradation of energy

We can see from the example above that energy becomes more spread out or
disordered. This is called the degradation of energy. Thermal energy is the most
degraded form of energy and we have seen that to convert thermal energy into
mechanical energy we must always transfer some of the thermal energy to the cold

surroundings. Once energy becomes thermal energy we can never get it all back.



All energy eventually turns to heat. Taking this to extremes means that the end of
the universe will be when everything is at the same temperature; it will then be
impossible to do any work.

gravitational PE | Figure 8.3 Energy is classified in terms

elastic PE - of how degraded it is. As time goes on
- heat )
electric PE all energy turns into heat.

kinetic energy (KE)

I
6 One minute we were talking about
engines and the next about the
end of the universe. This is an

example of how physical laws have
another. According to the second law, energy transfer must always lead to some many applications.

Examples of energy transfer

There are many examples of devices that transfer energy from one form to

thermal energy being transferred to the surroundings. Let us test this with a few
examples:

Light bulb — Converts electrical energy to light + heat.

Electric motor — Converts electrical energy to mechanical + heat.
Battery — Converts chemical energy to electrical + heat

Car engine — Converts chemical energy to mechanical + heat

Solar cell — Converts light to electrical + heat

Sankey diagrams

Sankey diagrams are used to visualize the flow of something, for instance the flow

of water down a river or the flow of energy as it changes from one form to another.

In the rest of this chapter Sankey diagrams will be used to represent different ways Amatis) Samiey elegrem ior s cr

of producing useful energy. Here are some examples: ;n amne

The car engine mechanical energy: 80 MJ >
A car engine converts the chemical energy in petrol to petrol: 200 MJ

the KE of the car plus heat. The Sankey diagram shows heat: 120 MJ

200 MJ of chemical energy in the petrol coming into

the car and changing to 80 MJ of mechanical energy
and 120 MJ of heat.

Electric motor

An electric motor uses
the energy flow from a
battery to drive the motor.

. mechanical: 70 J
chemical: 100 J battery

In Sankey diagrams the
widths of the elements
are proportional to the amount of energy flowing.

This can be quite difficult to draw properly for complex
systems but is made easier using computer programs such as elsankey.

heat: 20 J

Figure 8.5 Sankey diagram for an

electric motor.




Figure 8.6 As electrons move upwards }

with the wire they will experience a
force to the right (use Fleming's left

hand rule but remember the electrons

move opposite to current flow so
current is downwards).

The coils of an electricity generator.
Magnets fitted to a cylinder rotate

inside the coils causing electricity to be

induced.

The way that the current changes
direction is difficult to imagine, but
to see an animation, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 8.1.

This makes it very clear.

v
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1 Draw a Sankey diagram for an electric light bulb.

2 Draw a Sankey diagram for a bicycle dynamo producing the electricity to illuminate a light from
mechanical energy.

Generating electricity

Electricity is a very useful form of energy because it can be sent from one place to
another through wires. Taking the example of heating a house, it is possible to heat
a house using coal; however coal must first be transported from the coal mine to
the house. This uses up a lot of energy, since trucks must be driven to each house
every time they need more. It is much better to use the coal to produce electricity
and send that electricity to the house through wires. Electricity can be produced
from many different types of energy, and all of these methods make use of a
generator to convert mechanical energy to electrical energy.

Electrical generator

<X X X X X

motion .
magnetic
< < < field into page
e—> e—~ e— e— —— electrons
- &~ e~ e— in wire

X X X X\ X

force

In Chapter 6 you learnt about the connection
between electricity and magnetism: if a
charged object moves in a magnetic field it
experiences a force. Wires contain charged
objects, electrons, so if a wire moves in

a magnetic field, the electrons inside it
experience a force causing them to move to
one end of the wire. This causes a potential
difference along the wire which can be used to
create current in a circuit. We say that current
has been induced in the wire.

A generator uses the same principle, but
instead of the wire moving in a straight line,
a coil rotates in the field. As the coil rotates,
its sides are sometimes moving up and
sometimes down through the field. This results in a current that keeps changing
direction, called an alternating current or AC for short. To prevent the wires from
getting twisted when the coil rotates, there must be sliding contacts between
the coil and circuit. However, friction between these sliding components will
eventually wear away the contacts. An alternative arrangement is for the magnets
to rotate inside the coils, this also results in an alternating current but has no
sliding connections.



O World energy sources

Assessment statements

8.2.1 Identify different world energy sources.

8.2.2 Outline and distinguish between renewable and non-renewable energy
sources.

8.2.3 Define the energy density of a fuel.

8.2.4  Discuss how choice of fuel is influenced by its energy density.

8.2.5 State the relative proportions of world use of the different energy
sources that are available.

8.2.6  Discuss the relative advantages and disadvantages of various energy
sources.

Sources of energy

In this section we will look at the different sources of energy available on Earth
that can be turned into useful work. From the principles of physics that we have
just been looking at, we know that energy transfer always leads to the degradation
of energy, so, if we want to do useful work, the energy source must be in a form
that can be degraded or spread out. If we take the example of a room where
everything is at the same temperature, then there is no way that we can make the
energy more spread out than it is. However, if there is a red hot piece of coal in the
middle of the room we can use the flow of energy from the coal to the room to
power an engine. As this happens, the energy will become spread out in the room.
So, sources of energy are either things that are hot like a volcano or the Sun, or
things that contain ordered energy like the PE of the water in a reservoir or the
chemical energy of coal.

Fuels

As mentioned before, a fuel is a substance that can release energy by changing its
chemical or nuclear structure. There are several different sources of fuel available
on Earth.

Energy density

The value of different fuels can be
measured by their energy density.
This is the amount of energy that
Coal can be extracted per kg of fuel. A
fuel with high energy density costs
less to transport than one with a
low energy density. A comparison
call coal. For that reason it is called a fossil fuel. Whilst living, plants are able to of different energy densities is

Coal is composed of plants that died millions of years ago. They were then covered
by layers of sand and mud that squashed them into the hard black substance we

convert the Sun’s energy into plant matter by a process known as photosynthesis. In given inTable 1 on page 271.
physics terms, the plant is reorganizing the atoms from the air plus some from the

ground to make the large molecules that the plant is made of. This process requires

energy and that energy comes from the Sun. To release the energy in coal, we have

to burn it. This is problematic since it leads to the emission of carbon dioxide, one

of the contributors to global warming.

Another problem with coal is that it has to be dug up from the ground. This was
traditionally done by digging a deep hole until the coal was reached and then
taking it out through the same hole (mining). With today’s large machinery it is
often cheaper to uncover the coal by removing all the rock above it (open cast
mining), but this has a large environmental impact.




Barrels

QOilis usually measured in barrels.
One barrel is equivalent to 159
litres.

Growing plants to meet our energy
needs sounds like the perfect
solution, but what would happen

if all the agricultural areas in the
world were used to produce fuel
instead of food?

O

O
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There is only a certain amount of coal in the ground and since it takes a long time
to turn a tree into coal, the rate at which it is being used is much greater than

the rate of production. Coal is, therefore, classified as a non-renewable source

of energy. One day it will all be used up. However there is still a lot of coal left in
the ground. In 2006 it was estimated that there was about 1 X 10°kg of coal left,
enough to meet world needs for 155 years.

Oil and gas

Although it was coal that fuelled the industrial revolution, since the 1950s oil has
overtaken coal as the most important source of energy. Oil is another fossil fuel,
formed from microscopic organisms that sank to the bottom of the sea when
they died. Over a long period of time this organic matter was covered in sand
that turned to rock and it was pressed into oil and gas. Oil and gas are easier to
extract than coal since they are fluid and can be pumped up from where they lie
underground. Sometimes extraction is not simple since a lot of oil reserves are in
rock that is at the bottom of the sea. However, as technology has advanced, the
methods of extracting oil have become more and more ingenious and it is now
possible to drill for many kilometres and even go sideways from a platform that is
floating in water many kilometres deep.

Like coal, oil is non-renewable and has to be burned to turn its stored energy
into heat that can be used to power an engine. This makes oil another source of
greenhouse gases.

It is not possible to say how much oil there is left in the Earth because technology
does not yet enable accurate predictions of how much remains in the known
deposits. The information is also clouded by false claims. However, based only on
statistics that were 90% sure, the estimate in 2003 was around 1 X 10 litres.

Wood and biomass

The reserves of fossil fuels are not renewable so one day will run out. Living plants
convert sunlight plus carbon dioxide into plant matter, so can also be used as

fuel. Wood is the most obvious example of this and has been used for heating and
cooking since the time of primitive man. Sugarcane and many plants that produce
oils can also be used to produce biofuel that can be used to run cars. It is possible
to run a diesel car on the fat that you use to fry food in the kitchen. Food waste
can also be used to produce fuel as can cow manure; however these are not high
grade fuels.

These fuels have to be burned so that their energy can be used, which means that
they also contribute to global warming. However, whilst the plants were growing,
they were absorbing carbon dioxide and reducing the overall greenhouse effect.

Nuclear fuel

Unlike the other fuels mentioned above, the energy in nuclear fuel does not come
from the Sun. Nuclear fuels are materials that have unstable nuclei, and when
these nuclei split they give out energy. This was explained in Chapter 7. Nuclear
fuel is a non-renewable resource and although it does not have to be burned

and therefore does not contribute to the greenhouse effect, it gives rise to waste
materials that are highly radioactive and therefore difficult to dispose of. Like
coal, nuclear fuels such as uranium have to be extracted from the ground and
then purified before use.



Fusion fuel

Although a test power plant has been successfully put into operation, nuclear
fusion is not used for the commercial production of energy. The fuel is hydrogen
that can be extracted from water. Although not renewable, there is a lot of water
on the planet and only a little hydrogen is needed to produce a lot of energy (as
can be seen from its energy density in Table 1).

Fuel Energy density < Table 1 The energy density of
(MJkg=") materials shows the most suitable for
. use as fuels.
Fusion fuel 300000000
Uranium 235 90000000
Petrol 46.9
Diesel 45.8
Biodiesel 42.2
Crude oil 41.9
Coal 325
Sugar 17.0
Wood 17.0
Cow dung 15.5
Household 10
waste

Other sources of energy derived from the Sun

Several of the fuels mentioned convert the energy radiated from the Sun into a
material that can be burned. However, there are other ways that we can utilize the
Sun’s energy that are all renewable and produce no greenhouse gases.

Solar energy

The most obvious way of using the Sun’s energy is to collect it directly. This can be
done using mirrors to focus the radiation into a point. Once we have created a hot
spot, the energy can be used to power an engine that can do work. Alternatively,

the Sun’s radiation can be turned directly into electricity using a photovoltaic cell.

Hydroelectric power

The Sun heats water in the sea and turns it into water vapour; this vapour
produces clouds which lead to rain. When water rains onto a mountain the water
has a high PE. This energy can be made to do work as the water runs down the
mountain; this is the principle of the hydroelectric power station.

Wind power

When the Sun heats the atmosphere it causes the air to become less dense and
move upwards. These air movements combined with the rotation of the Earth
cause winds. The KE in moving air can be used to turn a turbine and produce
electricity.




Old Faithful, a geyser in the Yellowstone }
National Park, USA gives water some PE.
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Wave power

The movement of the air can become very strong leading to storms; if these occur
over the sea, then the water will be disturbed, leading to the production of waves.
As waves spread out, so their energy spreads out, arriving at beaches all around the
world. This energy can be used to power turbines and produce electricity. With
present-day technology it is now becoming viable to use wave power for some
isolated communities in areas of rough sea.

Sources of energy not derived from the Sun

Tidal power

Although the Sun has some influence on the tides they are mainly caused by the
Moon. The reason for the tides is that the surface and bottom of the oceans are
different distances from the Moon, so experience a different gravitational force,
this causes the ocean to bulge outward on parts of the Earth that are closest and
furthest away from the Moon. As the Earth rotates, these bulges travel round the
Earth, causing the tides. This movement of water can be used to drive turbines and
produce electricity.

Geothermal energy

In certain areas of the world parts of the Earth’s crust move against each other, the
friction between the rocks creates heat. When water runs into cracks in these rocks,
it turns to steam and forms geysers on the Earth’s surface. This explosive energy
can be used to produce electricity.

Worldwide consumption of energy

The following graphs show what percentages of the different energy sources are
used worldwide. They take into account all use of fuel, including transport. The
amount of energy used depends on how much time you measure the consumption
for. In this case, it is per second, so the units used are watts (joules per second).
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Worldwide consumption of electrical energy

Figure 8.9 shows the percentage of different fuels that are used to produce

electricity alone.
2% other

y 16% hydro

4 Figure 8.9 The percentage of different
fuels used to produce electricity.

39% coal

O Fossil fuel power production

Assessment statements

8.3.1 Outline the historical and geographical reasons for the widespread use
of fossil fuels.

8.3.2 Discuss the energy density of fossil fuels with respect to the demands
of power stations.

8.3.3  Discuss the relative advantages and disadvantages associated with the
transportation and storage of fossil fuels.

8.3.4  State the overall efficiency of power stations fuelled by different fossil
fuels.

8.3.5 Describe the environmental problems associated with the recovery of
fossil fuels and their use in power stations.

History of coal and oil from a physics
perspective

It is known that coal has been used since the bronze age some 4000 years ago. In
those days it was possible to find lumps of coal on the ground; however, early man




In many developing countries O
wood is still the main source of fuel

used in heating and cooking.

e Examiner’s hint: To simplify this
example the efficiency of the engine has
been ignored. In reality, the efficiency of
a steam engine was only about 12%. This
means that the amount of fuel required
was about eight times more than
calculated here.
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did not have the same energy needs that we have today, so for them wood was a
much more convenient source of fuel since it could be found almost anywhere.
As technology advanced it became possible to extract coal from the ground by
mining. However, this was a difficult and dangerous job and even though coal
produced more heat than wood, it didn’t become a major energy source until the
industrial revolution.

The invention of the steam engine

Although drawings of an early steam engine date back to the first century, they did
not make a big impact until 1769 when James Watt invented a steam engine that
could turn a wheel. Up to that point, steam engines had been able to move a beam
up and down but the pistons did not move smoothly enough to turn a wheel.
Suddenly, the possibility for powered transport became a reality and the first steam
trains were on the tracks by the early 1800s. It is, of course, possible to use wood

to power a steam engine but the energy density of wood is only half the energy
density of coal, which means that twice as much wood is needed to do the same
amount of work. This presents the biggest problem when the steam engine is used
for transport, since all the fuel needs to be carried along with the engine.

Energy use of a steam train

Let us take as an example a steam engine with a power of 6000 horsepower
travelling for 5 hours at full speed. Horsepower is the unit used for measuring
engine energy and 1 h.p. is equivalent to 0.75 kW.

The power of the engine is therefore 0.75 X 6000 = 4500 kW

The engine will use 4500 kJ each second.

So energy used in 5 hours = 5 X 60 X 60 X 4500 X 10°

=81 X 10°]

The energy density of wood is 17 MJ kg1, so to produce this amount of energy
. .81 X107 _

will require 17 X 10° 4765 kg of wood

The energy density of coal is about twice as much as wood so only half the mass of
coal would be needed (2223.5kg)

Coal is also about twice as dense which means the volume of each kg of coal is
only half that of wood. The volume of coal needed would therefore be a quarter of
the volume of wood. The difference is increased by the fact that wood has a very
irregular shape so a pile of wood takes up a lot more space than a pile of coal.

The industrial revolution

The invention of the steam engine led to the possibility of the mechanization of
industry and the ability to transport goods and raw materials around the world.
This whole mechanization was dependent on coal as a source of energy, and
since it was more economical to use the coal near its source, industrial cities grew
around areas where coal could be found.

Oil (petroleum)

Oil has also been used for thousands of years but when crude oil comes out of
the ground it is a thick sticky substance. Until the development of the technology
to drill into the deposits and extract it with pipes, it was more difficult to utilize
than coal, even though it does have a higher energy density. In 1852 when Ignacy
Lukasiewicz invented a method of refining crude oil to make kerosene (a much



cleaner fuel with an even higher energy density of 43.1 MJkg™!), it became
possible to inject the fuel inside the piston of the engine instead of heating
it from the outside. The internal combustion engine revolutionized
transport; not only did it use fuel with a higher energy density but was
about twice as efficient. There is also another advantage of using oil as

a fuel — since it is liquid it can be easily pumped from an oil well to the
place of use through pipes, with no need for costly transport. However,
the fluid nature of oil does lead to one major problem: if a tanker carrying
oil spills its load, the oil spreads over a large area. This has led to many
environmental disasters over the past 100 years.

Generation of electricity

Until the late 1800s, the main source of household heating in

industrialized countries was coal, and the main form of lighting was

gas, kerosene or candles. To transport all of these fuels meant using a lot

of energy and a lot of time. The way to make electricity from moving

a wire in a magnetic field was discovered by Michael Faraday in 1831,

but it wasn’t until 1866, when Werner Siemens invented the dynamo, A

Cleaning up after oil spilled from a

that electricity generation on a big scale became a possibility. When in
tanker is washed up on a beach.

1884 Sir Charles Pearson invented the steam turbine, all the pieces of the
jigsaw could be fitted together. Suddenly, electricity was the easiest way to
transfer energy from one place to another.

3 When a car is driving at 80 km h~! it is doing work against air resistance at a rate of 40 kW.
(a) How far will the car travel in 1 hour?
(b) How much work does the car do against air resistance in 1 hour?
(c) If the engine of a modern diesel car is 75% efficient, how much energy must the car get from
the fuel?
(d) If the energy density of diesel is 45.8 MJ kg™, how many kg of diesel will the car use?
(e) If the density of diesel is 0.9 kg =", how many litres will the car use?
(f) Calculate the litres of fuel used per kilometre.

The coal-fired power station

4 Cooling towers are a common sight
near power stations. They are used to
cool down the steam coming out of the
turbine. This waste heat could be used
to heat the houses nearby. This would
increase the efficiency of the power
station up to 70%.
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Figure 8.10 represents a typical coal-fired power station. The heat from the furnace
boils water in the boiler that turns into steam and powers the turbine, the turbine
turns a generator and produces electricity. When the steam comes out of the turbine
it is cooled, causing it to condense, and this water is then returned to the boiler.

Figure 8.10 |n a coal-fired power ’
station the coal is made into dust

and blown into a furnace. This

produces a lot of smoke that must be
cleaned before it is released into the

exhaust gases

atmosphere.
electricity
boiler turbine
generator
water
condenser
cooling water waste heat
The overall efficiency of a coal-fired power station is around 40% as not all of the
chemical energy from the coal gets converted to electricity. The exhaust gases from
the original burning take some of the heat, as does the heat given out when the
steam from the turbine condenses. There is also some friction in the components
of the turbine and generator.
Figure 8.11 Sankey diagram for } . electricit
energy flow in a coal-fired power motion y
station. chemical hot steam

energy

friction

waste heat
exhaust gas

Oil-fired power station

This is the same as a coal-fired set up but oil is burnt to produce the energy needed
to boil the water. Oil is a cleaner fuel than coal and is easier to transport. Using
modern drilling technology, it is also much easier to get out of the ground than
coal, which still has to be mined.

4 A coal-fired power station gives out 1000 MW of power.
(a) How many joules will be produced in one day?
(b) If the efficiency is 40%, how much energy goes in?
(c) The energy density of coal is 32.5 MJkg~'. How many kg are used?
(d) How many rail trucks containing 100 tonnes each are delivered per day?

Gas-fired power station

Using gas is more efficient than using coal because there can be two stages of
energy use. First, the burning gas is blasted through a turbine, then the heat
produced by the burning can be used to boil water and power a steam turbine as
in Figure 8.13.




Power stations producing electricity from gas can be up to 59% efficient but if the
wasted heat is used to heat houses, the overall efficiency can be as high as 80%.

‘ Figure 8.12 Sankey diagram for the flow of energy through

wasted heat a gas-fired power station.

pump condenser
electricity
gas fuel m |
electricity steam turbine
boiler/
wasted heat heat electric
exchanger generators
gas turbine
A
Figure 8.13 The gas-fired power
N UC|ea r power station has two stages of energy use.

Assessment statements

8.4.1 Describe how neutrons produced in a fission reaction may be used to
initiate further fission reactions (chain reaction).

8.4.2 Distinguish between controlled nuclear fission (power production) and
uncontrolled nuclear fission (nuclear weapons).

8.4.3 Describe what is meant by fuel enrichment.

8.4.4 Describe the main energy transformations that take place in a nuclear
power station.

8.4.5 Discuss the role of the moderator and the control rods in the
production of controlled fission in a thermal fission reactor.

8.4.6 Discuss the role of the heat exchanger in a fission reactor.

8.4.7 Describe how neutron capture by a nucleus of uranium-238 (38U)
results in the production of a nucleus of plutonium-239 (?*°Pu).

8.4.8 Describe the importance of plutonium-239 (23°Pu) as a nuclear fuel.

8.4.9 Discuss safety issues and risks associated with the production of
nuclear power.

8.4.10 Outline the problems associated with producing nuclear power using
nuclear fusion.

8.4.11 Solve problems on the production of nuclear power.

The fission reaction

In Chapter 7 you learnt about nuclear fission; this is when a big nucleus such as
26U splits into two smaller nuclei, resulting in a loss of mass and hence a release of
energy.

Here is the example:

26U (uranium) splits into *?Kr (krypton) and '*’Ba (barium).




Table 2 Nuclear masses of elements
with big nuclei.

e Examiner’s hint: This calculation is
based on all the nuclei in a pure sample
of 2°U undergoing fission. The fuel used
in a nuclear reactor only contains 3%

of #*U which is converted to 2*°U by
absorbing a neutron, and not all of this
undergoes fission.

Figure 8.14 A chain reaction from
nuclear fission.

>
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V4 Symbol A Mass (U)
92 U 236 236.045563
56 Ba 142 141.916361
36 Kr 92 91.926270
0 n 1 1.008664

First we can use the data from Table 8.2 and calculate that if this reaction takes
place the number of protons balances: 56 + 36 = 92. But the masses don’t balance:
142 + 92 = 234.

Since the mass of 2°U (uranium) was 236 and not 234, two neutrons were emitted
in this reaction.

26U — 22Kr + “?Ba + 2n

The amount of energy released can be found from the change of mass:
236.045563 — (141.916361 + 91.926270 + (2 X 1.008 664)) = 0.185 604U

This is equivalent to 931.5 X 0.185604 MeV = 172.8 MeV

To convert this to joules we must remember that 1 eV is the energy gained by an
electron accelerated through a potential difference of 1 V.
E=Vg=1X16X10""]

So, the energy released = 172.8 X 10° X 1.6 X 107 ] = 2.76 X 107 ].

This energy is given to the fission fragments as KE.

One mole of uranium has a mass of 236 g and contains Avogadro’s number of atoms.

If a whole mole of uranium split then the energy released would be 16.5 X 10'*].
That is about 63 X 10'?] per kg. This is a lot more energy per kg than coal.

The chain reaction

To split a 2*¢U nucleus requires some energy because the nucleons are held
together by a strong force. This energy can be supplied by adding a neutron to a
25U nucleus. This actually increases the binding energy of the nucleus, but because
the nucleus cannot get rid of this energy, it splits in two. As a result there are too
many neutrons and some are released. These neutrons can be captured by more
26U nuclei, and so on, leading to a chain reaction.

i - -

235U 236U

neutrons
~O

nEU‘tI’S:S » energy +
-

energy

2o A



Moderation of neutrons

The chain reaction can only occur if the neutrons are moving slowly — otherwise
they will pass straight through the nucleus. In fact their KE should be about 1 eV.
We calculated earlier that when the nucleus splits it releases about 170 million eV,
and although most of this is given to the fission fragments, the neutrons receive

a lot more than 1 eV. To make a chain reaction these neutrons need to be slowed
down — this is done by introducing some nuclei in between the 2**U nuclei. When
the neutrons hit these nuclei they lose energy and slow down.

> &4 2

neutron

oy .. ‘\ &

moderator nucleus

Critical mass

Another critical factor that determines whether a chain reaction can take place is
the size of the piece of uranium. If it is too small, then before the neutrons have
travelled far enough to be slowed down they will have left the reacting piece of
uranium. The minimum mass required for a chain reaction is called the critical
mass.

Nuclear fuel

Uranium is taken out of the ground in the form of uranium ore
and processed into a metal that is more than one and a half times
as dense as lead. Natural uranium is made up of several different
isotopes but 99.3% of it is 2*U. This is a weak alpha emitter but
is not able to undergo fission; in fact, it absorbs neutrons but
doesn’t split, so it actually prevents a chain reaction taking place.
The isotope 2*°U is the one useful as a nuclear fuel, but this makes
up only 0.7% of the metal. So, before uranium can be used as a
fuel the percentage of »*>U must be increased in a process called
enrichment. Uranium used to fuel a nuclear reactor has 3% of the
isotope 2°U. The 2°®U that is removed to increase the proportion
of remaining ?*°U is called depleted uranium, a heavy, tough
metal that is used for making radiation shielding and weapons,
particularly armour-piercing ammunition.

For use in a nuclear reactor the fuel is made into small cylinders
that are stacked together to make rods (fuel rods). There are many
different designs of rod but they are typically 1 cm in diameter
and several metres in length. The fuel rods are bundled together
making a fuel bundle. A reactor will contain many of these
bundles.

Pellets of nuclear fuel are stacked into tubes that ’
are bundled together before being put into the
reactor.

Collisions

When two bodies collide, energy is
transferred from one to the other.
The maximum transfer of energy
occurs if the size of the two bodies
is equal. It's not practical to use
neutrons as a moderator but in
early reactors the deuterium in
heavy water was used. This is three
times bigger than a neutron but
does the job.

< Figure 8.15 A neutron slows down as
it collides with moderator nuclei.
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Plutonium (Pu)

When 2*8U absorbs a neutron it turns into 2**U and this decays by giving out 3
radiation to form »*’Np (neptunium), which in turn decays again by B radiation
to 2*°Pu. Plutonium also undergoes fission and can be used as a fuel or in the
manufacture of nuclear weapons. In this way, as the 2*°U fuel is used up, it actually
makes 2*?Pu. This can be extracted and used for subsequent energy production (or
bombs).

Controlling the rate of reaction

The neutrons are the key to making the chain reaction and they are also the key to
controlling it. If more than one neutron from each fission goes on to make another
fission then the reaction will accelerate; if less than one then it will slow down.

Loss of control: the atom bomb

The atom bomb, or fission bomb, is an out-of-control reaction. This is easy to
achieve: if enough **U is mixed with a moderator, the reaction will go out of
control. To stop this happening before the bomb is dropped, the uranium fuel
plus moderator is kept in two halves, each half is smaller than the critical mass but
when they are put together, a chain reaction starts in the combined piece. The rate
of reaction required for an explosion is much greater than for a nuclear reactor,
therefore the percentage of *°U in the fuel must be much greater. It is possible to
make a bomb with 20% of isotope 2**U but 85% is considered ‘weapons grade’
The amount of this material required to make an atom bomb would be about the
size of a soft drinks can.

Control in a nuclear reactor

The rate of reaction in a nuclear reactor is limited by the fact that the fuel contains

- a high proportion of #*3U, which absorbs neutrons. Since this cannot easily be
The PhET simulation‘Nuclear altered it cannot be used to slow the reaction down if it goes too fast. This is done
IR O S T P BT by introducing rods of a neutron-absorbing material, such as boron, in between
the ratio of 23°U to *°U is changed
the fuel rods.

as well as showing the effect of the
control rods. To try this, visit

eor the ores code AL B
enter the express code 4426P and
clickon Weblink8.2. 5 Write the nuclear equation for:

(a) 8U changing to 2°U

(b) *°U changing to 2**Np

(c) ***Np changing to °Pu.

The nuclear power station

There are many different designs of nuclear reactor but they all have a nuclear
reaction at the core. The energy released when the nuclei split is given to the
fission fragments (although about 10 MeV is given to neutrinos that escape). As
you know from Chapter 3, the temperature of a body is related to the average
KE of the atoms; this means that the temperature of the fuel increases. The hot
fuel can then be used to boil water and drive a turbine as in the coal-fired power
station.
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The nuclear reactor is the part that produces heat and contains the fuel rods
surrounded by a graphite moderator (yellow). The control rods can be raised and
lowered to control the rate of reaction. The nuclear reactor is housed in a pressure
vessel in which a gas is circulating (blue). This picks up heat from the fuel rods
and transfers it to water in the heat exchanger. This water turns to steam and turns
the turbine. The steam cools down and turns back to water in the condenser and is

recirculated.
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energy in
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energy remaining in spent fuel

Problems with nuclear energy

As with all forms of large scale energy production, there are problems associated
with producing power from nuclear energy.

Extraction of uranium

There are several ways of getting uranium out of the ground and none are
problem free. Open-cast mining creates environmental damage and underground
mining is dangerous for the workers who operate the machines, especially due to
the radioactive nature of the rock. Both methods also leave piles of radioactive
waste material (tailings). An alternative method involves ‘leaching’ where solvents
are used to dissolve the uranium, which is then pumped out of the ground.
However, this can lead to contamination of groundwater.

o

< Figure 8.16 An advanced gas-cooled
reactor (AGR).

Nuclear submarines

The mechanical energy can also
be used directly instead of being
used to make electricity. This is
particularly useful for powering
submarines since the reactor does
not use up oxygen and only needs
refuelling every 10 years or more.

< Figure 8.17 Sankey diagram for a
nuclear reactor.

Wasted energy

The efficiency of the nuclear
reactor is not as high as might be
expected. Firstly, the fuel has to
be enriched, which takes a lot of
energy. Then, it is not possible to
get all the energy from the fuel
because when the amount of
23U falls below a certain value a
chain reaction can no longer be
sustained.
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Meltdown

If the nuclear reaction is not controlled properly it can overheat and the fuel rods
can melt: this is called meltdown. When this happens the fuel cannot be removed
and may cause the pressure vessel to burst, sending radioactive material into the
atmosphere. A similar situation occurred in Chernobyl, Ukraine in 1986. However,
it is not possible for the reactor to blow up as an atom bomb, since the fuel is not
of a high enough grade.

Meltdown can be caused by a malfunction in the cooling system or a leak in the
pressure vessel. It would result in severe damage to the reactor, maybe leading

to complete shutdown. Further damage outside the reactor is limited by the
containment building, an airtight steel construction covered in concrete which

not only prevents dangerous material leaking out, but will withstand a missile
attack from the outside. Improved reactor design and construction coupled with
computer monitoring of possible points of weakness has reduced the possibility of
any failure of the structure that might lead to meltdown.

Waste

There are two types of waste associated with nuclear power:

Low level waste

The extraction of uranium from the ground, the process of fuel enrichment

and the transfer of heat from the fuel rods all leave some traces of radioactive
material that must be carefully disposed of. The amount of radiation given off by
this material is not great, but it must be disposed of in places away from human
contact for 100-500 years.

Old reactors are another form of low level waste. They cannot simply be knocked
down and recycled since most of the parts will have become radioactive. Instead,
they must be left untouched for many years before demolition, or they can be
encased in concrete.

High level waste
The biggest problem faced by the nuclear power industry is the disposal of spent
fuel rods. Some of the isotopes they contain have a half-life of thousands of years
so need to be placed in safe storage for a very long time. In the case of plutonium
it would not be considered safe for at least 240 000 years. There have been many
suggestions: sending it to the Sun; putting it at the bottom of the sea; burying it in
the icecap; or dropping it into a very deep hole. For the moment, most of it is dealt
with in one of two ways:
stored under water at the site of the reactor for several years to cool off, then
sealed in steel cylinders.
reprocessed to separate the plutonium and any remaining useful uranium from
the fission fragments. This results in waste that is high in concentrations of the
very radioactive fission fragments, but the half-life of these fragments is much
shorter than either uranium or plutonium, so the need for very long term
storage is reduced.

Making weapons from fuel

The fuel used in nuclear reactors does not have enough 2**U to be used in the
manufacture of atom bombs. However, the same technology used to enrich the
uranium to make it into fuel could be used to produce weapons grade uranium. It
is, however, plutonium that is the most used isotope in the construction of atomic
weapons and this can be obtained by reprocessing the spent fuel rods.
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There seem to be a lot of problems
associated with the production

of energy from nuclear fuel.
However, these problems are not
CO, or other ‘greenhouse gases’ and so does not add to global warming. insoluble. Scientists found the way
of producing the energy, so surely

. - they can find the solutions to these
Sustainability problers,

Benefits of fission é
No CO,

The greatest benefit of nuclear power production is that it does not produce any

Although the amount of uranium known to be in the ground would only last
about 100 years if used at the same rate as today, the fact that the fission process
creates plutonium, which can also be used as a fuel, extends the potential to over
2000 years. Plutonium is, however, a more dangerous fuel to handle than uranium
as it is highly radioactive (decaying by alpha emission).

It is also possible to use fuels other than uranium and plutonium.

6 Barium-142 (% Ba) is a possible product of the fission of uranium-236. It decays by 8- decay to
lanthanum (La) with a half-life of 11Tmonths.
(a) Write the equation for the decay of barium.
(b) Estimate how long will it take for the activity of the barium in a sample of radioactive waste
to fall to W(JW of its original value.

7 Plutonium-239 splits into zirconium-96 and xenon-136. Use the table to answer the following

questions.
|sotope Mass (U)
9Py 239.052158
oy 95.908275
136Xe 135.907213
neutron 1.008664

(@) How many neutrons will be emitted?

(b) Write the nuclear equation for the reaction.

(c) How much energy is released when the fission takes place?

(d) What is the mass of 1 mole of plutonium?

(e) How many atoms are there in 1 kg of plutonium?

(f) How much energy in eV is released if 1kg of plutonium undergoes fission?
(g) Convert the answer to part (f) into joules.

8 Asample of nuclear fuel contains 3% 2*U. If the energy density of 22°U is 9 x 10" Jkg ™', how
much energy will 1kg of fuel release?

9 Anindividual uses around 10 000 kWh of energy in a year.
(@) How many joules is this?
(b) From your answer to question 8, calculate how much nuclear fuel this amounts to.

Fusion

As you learnt in Chapter 7, fusion is the fusing together of light nuclei to form
larger ones. The larger nuclei have lower mass than the sum and the difference in
mass is converted to energy. It certainly works as a way of producing energy — after
all this is the way the Sun produces its energy.

In the 1950s fusion was thought to be the energy source of the future and all that
had to be done was to solve the technical problems of confinement and sustaining
the reaction, then all the energy needs of the world would be satisfied. Fifty years
later these problems have still not been solved.




Inside the tokamak the moving charges }
themselves cause a magnetic field

which, together with an external field
produced by more magnets, holds the
particles away from the walls.

To find more information about the o
JET project (at the world's largest

nuclear fusion laboratory), visit
www.heinemann.co.uk/hotlinks,

enter the express code 4426P and

click on Weblink 8.3.

.
The complete theory of how a 6
fusion bomb works is a military
secret. Who owns knowledge? I
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The fusion reactor

Experimental reactors have come very close to producing more energy than the
amount of energy put in, although a commercial fusion reactor has yet to be
built. The fuel of the fusion reactor is a plasma. This is gas in which the electrons
and nuclei are separate, but if the plasma is made hot enough, the nuclei can
collide with each other fast enough to overcome their electric repulsion and fuse
together. The first problem is to find a way to contain plasma with a temperature
of 100 million K.

Magnetic confinement

The way that the hot plasma is confined is by using a magnetic field. In

Chapter 6 you learnt about how charged particles travel in a circle when moving
perpendicular to a magnetic field. By using specially shaped magnets the plasma
can be made to travel around the inside of a doughnut-shaped ring — a tokamak.
Fast-moving particles are difficult to control and the system relies on fast
computers to adjust the different magnetic fields.

Heating the plasma

Since plasma contains charged particles, it can be given energy in the same way as
giving energy to electrons in a wire. Earlier in this chapter you saw how current is
induced in a generator by moving a coil through a magnetic field. In the tokamak
instead of moving the wire through the field, the field is changed in such a way as
to make the charges move faster around the doughnut.

Burning plasma

When you burn wood on a fire you only need to light it once and the burning wood
sets fire to any new wood. It wouldn’t be good if you had to light the fire every time
a new piece of wood was added; however, this is the problem with fusion reactors so
far. The energy comes in bursts: each time new plasma is added, the input of energy
needed to raise the temperature sufficiently for the nuclei to fuse is huge.

The fusion bomb

The fusion bomb, or hydrogen bomb, uses a conventional fission bomb to create
enough heat and at the same time compress nuclei so they fuse together. This gives
out a huge amount of energy but it is not controllable.
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The Sun

How do we know the

The Sun is often described as a burning ball of gas. By measuring the spectrum temperature of the Sun?
of the light that is emitted by the Sun we know that it is made of helium and The outer part of the Sun gives out
. . light and its temperature can be

hydrogen. It does not burn in the way that coal burns, but the thermal energy is

. . calculated from the wavelength
generated by a fusion reaction. The temperature of the outer part of the Sun, the of this light. However, this method
bit we see, is only 6000 K and not hot enough for fusion to take place. The fusion can't be used for the core, but if we
reaction takes place in the much hotter and denser core (Figure 8.18). assume that the energy is coming

from a fusion reaction, it is possible
to calculate the temperature that
must be achieved for this reaction
to take place.

‘ Figure 8.18 The layers and parts of
the Sun.

The core

The core of the Sun is a very dense ball of plasma at an estimated temperature of

15 million K (if it wasn’t this hot it would collapse due to the gravitational force e e T ——————
pulling all the particles together). The fusion reaction is the only energy source proton-proton chain of the fusion
that we know of that could produce enough energy to maintain this temperature. reaction in the core of the Sun radiates
It has several stages that take place over a long period of time (Figure 8.19). el the einer Bis

v
B+. v
by \ / %
T I e o
H@ H 3He ‘ o

H@ He %
Gl
# 9 9 g~ @
H@ /\ HN\ *He

O Solar power

Assessment statements

8.4.12 Distinguish between a photovoltaic cell and a solar heating panel.

8.4.13 Outline reasons for seasonal and regional variations in the solar power
incident per unit area of the Earth's surface.

8.4.14 Solve problems involving specific applications of photovoltaic cells and
solar heating panels.
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Solar panels are used to power satellites. Enel"gy from the Sun

Since these are outside the atmosphere

L The energy in the form of electromagnetic radiation that is

v emitted from the Sun in each second is 3.90 x 10% J. This
energy spreads out, and by the time it reaches the Earth, the
energy is spread out over a sphere with a radius equal to the
Earth’s orbital radius of 1.5 X 10! m. The power per m?, or
intensity, is therefore:

3.90 x 10%

T7 X (L5 x 10T 1380 Wm™

This is called the solar constant.

The amount that reaches the surface of the Earth depends
upon how much atmosphere it has to travel through.

Sun shines through
most atmosphere at
poles

Figure 8.20 Variation of the Sun's ’ Sun shines through
intensity with latitude. least atmosphere

when directly above
Figure 8.20 shows how the intensity varies with latitude. It is also less intense when
rising and setting.

When the Sun’s radiation lands on the Earth’s surface it is either absorbed, causing
the surface to get hot, or it is reflected. The amount absorbed depends on the
colour of the object. Black/dull objects absorb more radiation than white/shiny
ones. So we should use black objects to collect the Sun’s radiation.

There are two common ways of using the Sun’s energy: either to heat something or
to make electricity.

The solar heating panel

A solar heating panel can be used for central heating or for making hot water for
household use. They are placed on the roofs of houses (Figure 8.21).

Figure 8.21 A solar heating panel }
allows radiation from the Sun to enter

but prevents the radiation from the cold water in
warm pipes escaping. This is called the
greenhouse effect.

hot water out

water pipes

insulation
black metal
absorber




Solar radiation enters the panel through the glass cover, is absorbed by a black
metal plate which gets hot and in turn makes the water hot by conduction. Water
is continuously circulated so that, as the water gets hot, it flows out and more cold
water flows in.

Photovoltaic cell (solar cell)

The photovoltaic cell converts solar radiation into electrical energy. In simple
terms, the semiconductors in a photovoltaic cell release electrons when photons
of light are absorbed. If different types of semiconductor are placed together

then this creates an electrical field that will cause these freed electrons to flow in
an external circuit. It’s a bit like a battery, but light energy rather than chemical
energy is converted to electrical energy. The potential difference (p.d.) and current
produced by a single photovoltaic cell is only small, so many cells are usually
connected together and can be used to produce power commercially.

10 A4 m?solar heating panel is positioned in a place where the intensity of the Sun is 1000 W m~2.
(a) What is the power incident on the panel?
(b) If it is 50% efficient, how much energy is absorbed per second?
(c) If 1 litre (1 kg) of water flows through the system in 1 minute, by how much will its
temperature increase? (Specific heat capacity of water = 4200J kg='°C~")

11 A photovoltaic cell of 1 cm? is placed in a position where the intensity of the Sun is 1000 W m~2,
(a) Ifitis 15% efficient, what is the power absorbed?
(b) If the potential difference across the cell is 0.5 V, how much current is produced? (Remember
power = [V)
(c) If 10 of these cells were placed in series, what would the total potential difference be?
(d) If 10 of these cells were placed in parallel, what would the current be?
(e) How many of these cells would you need to produce 100W?

12 Draw a Sankey diagram for a photovoltaic cell.

O Hydroelectric power

Assessment statements

8.4.15 Distinguish between different hydroelectric schemes.

8.4.16 Describe the main energy transformations that take place in
hydroelectric schemes.

8.4.17 Solve problems involving hydroelectric schemes.

Energy from water

It may not be obvious at first, but the energy converted into electrical energy by
hydroelectric power stations comes originally from the Sun. Heat from the Sun
turns water into water vapour, forming clouds. The clouds are blown over the
land and the water vapour turns back into water as rain falls. Rain water falling
on high ground has PE that can be converted into electricity (see Figure 8.22).
Some countries like Norway have many natural lakes high in the mountains and
the energy can be utilized by simply drilling into the bottom of the lake. In other
countries rivers have to be dammed.

o

Positioning of solar panels
Solar panels are positioned so that
they absorb maximum sunlight

in the middle of the day. On

the Equator the Sun is directly
overhead at midday so the panels
are placed horizontally, but in other
countries the position of the Sun
changes with the seasons, so a
compromise has to be made. In
countries with bad weather (lots
of clouds) the position is not so
important because the sunlight
does not come from one direction
(it is said to be diffuse).

A
Solar heating panels on top of houses
in Antalya. The position of solar panels
depends on the amount and direction
of sunlight as well as the design of the
building and other considerations.
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The Hoover Dam in Colorado can >
generate 1.5 X 10°watts.

The energy stored in a lake at altitude is gravitational PE. This can be calculated
from the equation: PE = mgh where h is the height difference between the outlet
from the lake and the turbine. Since not all of the water in the lake is the same
height, the average height is used (this is assuming the lake is rectangular in cross
section).

Figure 8.22 The main components in ’
a hydroelectric power station.

transformer
generator

reservoir power lines

Worked example

Figure 8.23 > 1000 m/
¥

Calculate the total energy stored and power generated if water flows from the lake
at a rate of 1 m® per second.




Solution

The average height above the turbine is

(100 + 75)
2

Volume of the lake = 2000 X 1000 X 25 = 5 X 10’ m?

Mass of the lake = volume X density = 5 X 107 X 1000

=5X 1010kg

PE = mgh =5 X 101 X 9.8 X 87.5 = 4.29 X 10"*]

If the water flows at a rate of 1 m? per second then 1000 kg falls 87.5 m per second
So the energy lost by the water = 1000 X 9.8 X 87.5 = 875000]s!

Power = 875 kW

=87.5m

Pumped storage schemes

Most countries produce electricity from a variety of sources such as burning fossil
fuel, nuclear power and hydroelectric power. At night when demand is low, it is
possible to turn off the hydroelectric power, but if you put out the fire in a coal-
fired station it takes a long time to get hot again. The excess power produced from
coal-fired power stations can be used to pump water up into a reservoir which
can be used to drive the turbines in the daytime. In the long run, this reduces the
amount of fossil fuel that needs to be burnt.

Run-of-the-river power stations

One of the big problems with hydroelectric power in countries without mountain
lakes is the need to dam river valleys to create a difference in height to drive the
turbines. Run-of-the-river power stations use water that has been diverted from a
fast-flowing river without damming the river.

Small is good

Whenever electrical energy is produced it must be transmitted through wires to
the place where it will be used. However, passing

current through wires results in energy loss

because the wires get hot. To reduce this loss, it

is quite common for factories that are dependent

on large amounts of electrical power, e.g. the

production of aluminium, to be sited next to

power stations. An alternative approach is to

build small-scale power stations near to where

people live.

Tidal power

Where there is a big difference between high

and low tide, the tidal flow can be used to drive
turbines and produce hydroelectric power. One
way to do this is to build a dam or barrage across
a river estuary. The water is held back as it flows
in and out of the estuary and then released to
drive turbines. An alternative is to fix turbines

to the bottom of the estuary and allow the free
flowing water to turn them.

The tidal barrage at Rance in France.
After water has flowed into the estuary
on the incoming sea tide it is held back
and then released through 24 turbines
producing 240 MW. The tidal range is
upto 13.5m.

v
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13 The Hoover Dam is 221 m high with an area of 694 km?.
(a) Estimate the mass of water in the dam.
(b) How much PE is stored in this water?
(c) The Hoover Dam can produce 1.5 X 10°W of electricity. If the power station is 80% efficient
how much PE must be lost per second from the water to produce this power?
(d) What mass of water must flow though the turbines each second to produce this power?

14 A mountain hut has 4 X 50 W light bulbs, a 1 kW electric heater and a 2 kW cooker.
(a) Calculate the total power consumed if all appliances are in use.
(b) Outside the hut is a 5 m high waterfall. The owner is interested in building a small hydro
generator. How many kg of water must flow per second to generate enough power?
(Assume 100% efficiency.)

O Wind power

Assessment statements

8.4.18 Outline the basic features of a wind generator.

8.4.19 Determine the power that may be delivered by a wind generator,
assuming that the wind KE is completely converted into mechanical KE,
and explain why this is impossible.

8.4.20 Solve problems involving wind power.

Wind
Using the wind as a source of energy is nothing new; it is over a thousand years
since the first known use in Persia was recorded. In those days windmills were used
basic physical principles behind . . . .
A A to grind (or mill) corn (hence the name); now they are used to generate electricity.
wind production. The complete . ) o )
picture is far more complicated. The energy in the wind originates from the Sun. In simple terms the Sun heats the

Here we have only touched on the O

In fact, to apply our kinetic model air which becomes less dense and rises, leaving an area of low pressure close to the
of a gas to the movements of air
around the world would be rather

pointless. In these situations a . . .
systems approach is much simpler. pattern, causing the weather systems that we are familiar with.

Earth. Surrounding air will move into this low pressure area and this air movement
is the wind. The rotation of the Earth causes this moving air to move in a circular

Coastal winds

Coastal areas are particularly windy due to the different rates of heating of the
land and the sea. During the day, when the Sun is shining, the land and sea
absorb energy and get hot. The sea has a bigger specific heat capacity than the
> land so the temperature of
the sea does not rise by as
much as the temperature of
hot alf fises the land (Q = mcAT). The
abovethe land  result is that the air above the
land rises and this causes a
coldairmovesin _______ low pressure that allows the
from the sea air above the sea to flow in.
At night the reverse happens,
when the land cools down
more quickly than the sea.

Figure 8.24 Flow of coastal winds
during the day




Katabatic winds

A katabatic wind is formed when a high pressure is caused by dense cold air A wind turbine with the generator on
pressing down at the top of a mountain, resulting in air flowing downhill. An top of the tower in order to reduce the
example of this regularly takes place when cold air from the Alps and Massif number of moving parts and hence
Central areas in France descend towards the Mediterranean coast. Funnelling by Sty e v ol o

the Rhone valley causes the air to speed up as it reaches the sea, causing a strong

wind called the Mistral.

The wind turbine

Wind turbines are rather like a fan or the propeller of an aeroplane, except they are
moved by the air rather than making the air move. These large turbines are often
grouped together in wind farms.

Energy calculation for a wind turbine

Wind has energy in the form of KE. This enables the wind to do work against the
turbine which turns a generator creating electrical energy. To calculate how much
energy there is in the wind, we consider a cylinder of air with a radius the same as
the radius of the turbine as shown in Figure 8.25.

/ ‘ Figure 8.25 Energy from air
approaching a wind turbine
r
velocity, v
—_ -
cylinder of air
turbine
%

If the velocity of air is v then in 1s it will move a distance v. The volume of air
passing by the turbine per second is therefore v X 7rr? where r is the length of one
of the turbine blades.

The mass of this cylinder of air, m = pvar? where p is the density of air.
The KE of this air = 3mv* = 1 pvarr?v? = 1pmr?v>,

Since this is the KE of air moving past the turbine per second it gives us the power
in the wind.

The wind doesn’t stop after passing the turbine so not all of this energy is turned
into electricity. The maximum theoretical percentage of the wind’s energy that can

. a0
be extracted using a turbine is 59%. Wind power in Denmark

Denmark produces 20% of its

Windy places electricity from wind power. This
is because Denmark has a long

The best place to put a wind turbine is obviously in a windy place. However, flat windy coastline that is ideal for

wind speed isn’t the only consideration. It is also important that the wind is fairly building wind farms.

regular so that the turbine doesn’t have to keep changing its orientation. Another To find more information about

factor is how easy it is to lay power lines to the turbine and how easy it is to build wind power in Denmark, visit

the turbine in that position. The main problems associated with wind power are DRSSP el

. . enter the express code 4426P and
that the turbines often need to be built in areas of natural beauty and that they are click on Weblink 8.4.

unreliable — when the wind stops they produce no electricity.
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15 A turbine with a turbine blade length of 54 m is operated in a wind of speed 10m s~'. The density
of airis 1.2kgm=3.
(a) How much power is in the wind passing through the turbine?
(b) How much electrical power can be generated if the turbine is 20% efficient?
(c) If the wind speed increased to 15 ms~!, how much power would be produced?

<) Wave power

Assessment statements

8.4.21 Describe the principle of operation of an oscillating water column
(OWC) ocean-wave energy converter.

8.4.22 Determine the power per unit length of a wavefront, assuming a
rectangular profile for the wave.

8.4.23 Solve problems involving wave power.

Waves

If you have ever watched waves crashing into a beach on a stormy day you will
have realised that there is a lot of energy transmitted in water waves. Waves in the
sea are caused by winds disturbing the surface of the water; these winds can be
local, in which case the waves tend to be small and with a short wavelength. The
big powerful rolling waves favoured by surfers originate way out in the deep ocean.
The weather map in Figure 8.26 shows the typical situation that would cause big
waves to arrive at the surfing beaches of western Europe.

Figure 8.26 |n this weather map the 4
low pressure system in the middle of

the Atlantic is a storm. This will create
waves that travel towards Europe. The
amount of energy carried by the waves

is directly related to the duration of the
storm.

Power in a water wave

Calculating the power in a wave is quite difficult but we can make an estimate if
we simplify the situation. The energy in a wave alternates between PE as the water
is lifted up, and KE as it falls.

Figure 8.27 The form of a wave can > < 1 /\ v

be approximated to a rectangle (length / \
A, height A and width W travelling at
velocity v).
A \ —
y %
/



The PE of this mass of water is given by PE = mgh

where h = the average height of the wave = %

mg A
soPE=%

But if the density of water = p

then m = p X volume = p X A AW

PAAWGA  pAWgA?
so PE = =

2 2
Power = energy per unit time, so if the waves arrive every T seconds then
PAWGA?
power = T
But A — .
ut = wave velocity, v
pvWgA?
S0 power = ——=—
. . pvgA®
The power per unit length of wavefront is therefore 5

Generating electricity from water waves
The oscillating water column

The principle of the oscillating water column is shown in Figure 8.28 and consists
of a column that is half full of water, such that when a wave approaches it pushes
water up the column. This compresses the air that occupies the top half, pushing

it through a turbine which drives an electric generator. The turbine is specially
designed so that it also turns when the water drops back down the column, pulling
air into the chamber.

wells turbine < Figure 8.28 The main components of

air column an oscillating water column generator.
_ generator

el

front wall ¢ back wall

wave direction

ﬁg’\e;/\/li—

Pelamis
. . . o To find out more about wave

The pelamis is named after a sea snake because that’s what it looks like. Each power, visit
pelamis is made of four sections with a total length of 150 m. Each section is www.heinemann.co.uk/hotlinks,
hinged, and when a wave passes it bends. The bending drives pumps that move elm‘;r th\e/vexbrfreis code 4426P and

. . . . i ink 8.5.
fluid back and forth, powering electrical generators. A pelamis can generate clcronenin
750 kW of electricity.

W < Figure 8.29 The four sections of a
W single pelamis.
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16 Waves of amplitude of 1 m roll onto a beach at a rate of one every 12 s. If the wavelength of the
waves is 120 m, calculate
(@) the velocity of the waves
(b) how much power there is per metre along the shore
(c) the power along a 2 km length of beach.

O The greenhouse effect

Assessment statements

8.5.1 Calculate the intensity of the Sun’s radiation incident on a planet.

8.5.2 Define albedo.

8.5.3 State factors that determine a planet’s albedo.

8.5.4 Describe the greenhouse effect.

8.5.5 Identify the main greenhouse gases and their sources.

8.5.6  Explain the molecular mechanisms by which greenhouse gases absorb
infrared radiation.

8.5.7 Analyse absorption graphs to compare the relative effects of different
greenhouse gases.

8.5.8 Outline the nature of black-body radiation.

8.5.9 Draw and annotate a graph of the emission spectra of black bodies at
different temperatures.

8.5.10 State the Stefan—-Boltzmann law and apply it to compare emission rates
from different surfaces.

8.5.11 Apply the concept of emissivity to compare the emission rates from the
different surfaces.

8.5.12 Define surface heat capacity C.

8.5.13 Solve problems on the greenhouse effect and the heating of planets
using a simple energy balance climate model.

The greenhouse effect is the warming of a planet due its atmosphere allowing in
ultraviolet radiation from the Sun, but trapping the infrared radiation emitted by
the warm Earth. This is similar to the way that the glass of a greenhouse warms
the plants inside, hence the name. There are many physical principles that need to
be explained before we can fully understand how this effect works: firstly, how the
energy from the Sun gets to the Earth; and secondly, the interaction between this
energy and the atmosphere.

Solar radiation
As explained in an earlier section, the Sun radiates 3.9 X 10?® joules per second.

This energy spreads out in a sphere. By the time it reaches the Earth at a distance of

3.9 % 10% .
= 1380 W m 2
A7 X (15 x 100y 1280Wm

1.5 X 10" m, the power per m? (or intensity) is

The intensity of radiation at each planet is related to its distance from the Sun:
Mercury, the closest planet, receives more power per m? than Neptune, the
furthest.




Sun  Mercury Earth Mars
(] ([ ] (] [ J
57—
< 15.0
22.7

< 77.8

o

Jupiter

17 Calculate the intensity of the Sun’s radiation on the surface of
(a) Mercury
(b) Jupiter.

Interaction between light and matter

Exciting electrons

The light that comes from the Sun is made up of photons of many different
wavelengths. When a photon interacts with an atom, it can give energy to the
atom by exciting one of its electrons into a higher energy level, as explained in
Chapter 7. This can only happen if the energy of the photon is exactly the same
as the energy needed to excite the electron, and when it happens the photon
disappears. This can be reversed, and an electron that has been excited into a
higher energy level can give a photon back out again, when the electron goes
back to its original energy level. This is what happens when light is scattered by
the atmosphere.

lonization

If the photon is of high frequency and therefore high energy (remember E = hf)
then an absorbed photon can cause an electron to be ejected from an atom. This is
called ionization. When this happens the energy of the photon doesn’t have to be
an exact value, just big enough to get the electron away from the atom.

Excitation of molecules

In previous chapters we have mainly been interested in individual atoms rather
than molecules. However, to understand the greenhouse effect we must look at
how molecules can absorb a photon. A molecule is made of several atoms held
together by the electromagnetic force. A simple model would be two balls joined
together with a spring as in Figure 8.32. According to what you have learnt in
this course, a single ball can only have three types of energy, kinetic due to its
movement, potential due to its position and, thirdly, internal energy. If you
consider the balls in the figure, they can also be made to oscillate or rotate. If the
frequency of oscillation of a molecule is the same as the frequency of a photon,
then the molecule can absorb the photon. This causes the molecules to move
more and hence have a higher temperature. This is an example of resonance. The
frequencies that cause this sort of vibration tend to be quite low, in the infrared
region of the spectrum.

A
Figure 8.30 The solar system with
planet orbits drawn to scale. The size of
the planets and the Sun are not to scale
- they would be much smaller. The
units are 10'%m.
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Figure 8.31 Different wavelengths
excite electrons to different energy
levels.

atom (has kinetic energy,
potential energy and
internal energy)

molecule (can
oscillate and rotate)

A

Figure 8.32 A simple model of atoms

in a molecule.



The PhET simulation ‘Microwaves'
shows how water molecules are
excited by microwave radiation. To
view, visit www.heinemann.co.uk/
hotlinks, enter the express code
4426P and click on Weblink 8.6.

Figure 8.33 A continuous spectrum
from a solid and the line spectrum for
the gas hydrogen.

Figure 8.34 The intensity distributio
for a black body at different
temperatures.

Red hot

When a rod of metal is heated to
around 1000 K it starts to glow red.
Although the most intense part of
the spectrum is not in the visible
region, there is enough visible red
light to make the rod glow.

A
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Interaction with solids

When dealing with electron energy levels in Chapter 7, we were considering
individual atoms. However, a solid is made up of many atoms that interact with
each other. When this happens the electrons no longer have to exist in special
(discrete) energy levels but they can have many different energies, and these
different energies form bands. This means that solids can absorb many different
wavelengths of light rather than just a few special ones. Another consequence

of this structure is that it is easier for the energy absorbed by the electrons to be
passed on to the atoms, resulting in an increased temperature. When the molecules
of a solid are given energy, they can vibrate and give out low frequency radiation.
So when light is absorbed, it causes a solid to get hot, resulting in the emission of
infrared radiation.

Albedo

When electromagnetic radiation is incident on a surface it is either absorbed,
causing the surface to get hot, or it is reflected. The ratio of reflected to incident
radiation is called the albedo. The albedo for snow is high (90%) since it reflects
most of the radiation incident on it, whereas a dark forest has a low albedo of
around 10%. The average for the planet Earth including its atmosphere is 30%.

Black body radiation

As mentioned previously, due to their atomic structure, solids can absorb many
different wavelengths of radiation: for the same reason, if a solid is heated it will
emit a wide range of frequencies. If we observe the spectrum of light from a solid we
see it is continuous because it is made up of many wavelengths. The spectrum from
a low pressure gas, on the other hand, consists of just a few lines as in Figure 8.33.

A black object is an object that absorbs all wavelengths, and if heated, it will emit
all wavelengths, too. However, not all frequencies will be equally intense. The
spectrum for light emitted from a black body is shown in Figure 8.34. The peak of
this graph represents the most intense part of the spectrum; this is dependent on
the temperature of the body (T'). The hotter it is the shorter wavelength this will
be. This wavelength (\,,.,) can be calculated from Wien’s displacement law:

Aoy = %Where b=2.89 X 1073 mK

intensity
y T = 5500K
] T = 4500K
] T = 4000K
] T = 3500K
0 T T T T T T T T T T T T T T T T T T T 1
0 500 1000 1500 2000

wavelength/nm



Stefan-Boltzmann Law

From the graph in Figure 8.34 we can see that as the temperature of a black body
increases, the intensity of the radiation also increases. In other words, the amount
of energy emitted from the surface increases. The Stefan—Boltzmann Law relates the
power emitted per unit area to the temperature of the surface with the equation:
Power per unit area = o’T* where 0 = 5.67 X 10 *Wm 2K

.
C U EsEe ] Ay e e e

will help you to see how the
temperature of a body affects the
radiation emitted. To view this, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 8.7.

18 Calculate the amount of energy in one photon of light of wavelength 600 nm.
The Sun is a hot dense gas so can be treated like a black body.

19 The temperature of surface of the Sun is 6000 K. Use Wien's displacement law to calculate the
most intense wavelength in the spectrum of emitted radiation.

20 Use the Stefan-Boltzmann Law to calculate the power per m? emitted from the Sun.

21 The Sun's radius is 7 X 10% m. Use your answer to Question 20 to calculate the total energy
radiated by the Sun per second.

Radiation from the Sun

As calculated in Question 19, the spectrum of electromagnetic radiation from the
Sun has a maximum intensity around 480 nm. This is the wavelength of blue light
as seen in the spectrum shown in Figure 8.33. This means that the visible part of
the spectrum is right on the peak of the intensity curve — it is no surprise therefore
that this is the part we have evolved to see.

Temperature of the Earth with no atmosphere

Energy comes from the Sun to the Earth; this warms up the Earth and the Earth
radiates some energy back into space. As the temperature of the Earth increases,
it will radiate more and more until the amount of energy radiated = amount of
energy absorbed, at which point the temperature will stay constant.

If we ignore the atmosphere we can calculate how hot the Earth should be. We
know that the energy incident on the Earth per second is 1360 W m~2 As the
Earth only catches radiation on one side at a time, we can simplify this as a disc of
radius 6400 km. The energy incident on the whole Earth per second is

1360 X 7 X (6.4 X 10°)2 = 1.75 X 10" W

But the average albedo of the Earth is 30%. This means that 70% is absorbed,
therefore:

absorbed energy per second = 1.23 X 107 W

To calculate the heat radiated by the planet, we have to consider the complete area
of the sphere: if the temperature is T then (using Stefan—Boltzmann) the radiated
energy per second is:

(5.67 X 1078 X T*) X 4772 = 2.9 X 107 X T*
When this equals the heat absorbed, the temperature will stay constant so:
2.9 X 107 X T*=1.23 X 10V
This gives a value of T = 255K (—18°C)

This is quite a lot colder than the Earth actually is, because the Earth’s atmosphere
absorbs some of the radiation radiated by the Earth. This is the greenhouse effect.




Figure 8.35 The solar spectrum
showing all wavelengths emitted by
the Sun.

>
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Emmisivity (e)
The reason that the temperature in the previous example was too low was that the
Earth does not radiate as well as a black body.

The emissivity, e, of the Earth tells us how it compares to a black body; it is the
ratio of the energy radiated by a body to the energy radiated by a black body of the
same temperature.

The average temperature of the Earth is 288 K. From the previous calculation we
know that if the Earth was a black body it would radiate

2.9 X 107 X 288*W = 1.99 X 10" W

But we know that since the temperature is stable the Earth must be radiating
1.23 X 10" W (the same as the radiation from the Sun) so the
1.23

emissivity 1s m =0.6

Absorption by the atmosphere

Before the radiation from the Sun lands on the surface of the Earth it first has

to pass through the atmosphere. The atmosphere is in layers, the outer layers
containing ozone (a form of oxygen whose molecules are made of three oxygen
atoms, Os). This absorbs the higher-energy parts of the spectrum, ultraviolet and
X-rays. If it were not for this layer, these harmful rays would reach the Earth. As
the radiation passes through the lower layers, infrared radiation is absorbed by
water vapour and carbon dioxide. These gases have molecules that can be excited
by the frequency equal to that of infrared photons.

intensity
7 T=6000K
] 1
] 480nm
0 T T T T T T T T T T T T T T T T T T T 1
0 500 1000 1500 2000

wavelength/nm

Absorption spectroscopy

The amount of different wavelengths absorbed by each gas can be found by
measuring the intensity of light of known wavelength passing into and out of the
gas. Figure 8.36 shows the absorption spectra for three different gases showing
how ozone absorbs UV, and how carbon dioxide and water absorb IR. Notice that
none of these gases absorbs visible light.



o

< Figure 8.36 Absorption spectra for
ozone, carbon dioxide and water.
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When solar radiation lands on the ground, a fraction,

depending on the albedo, is reflected straight back. Since this

radiation is the same as the radiation that has just made it

through the atmosphere, it goes back through the atmosphere 30% IR absorbed
without being absorbed. The remaining radiation (mostly by H,0 and CO,
visible light) is absorbed and this increases the temperature of

the ground. Since the ground is not very hot, then according to

Wien’s law, the wavelength of the emitted radiation will be in the

IR region.

N

50% arrives at Earth

A
Figure 8.37 Sankey diagram showing
solar radiation absorbed by the
atmosphere.

Surface heat capacity

The temperature increase of the ground can be calculated from the surface heat
capacity (C,). This is the amount of heat required to raise the temperature of 1 m?
of the ground by 1 K. For the Earth this is 4 X 103 Jkm™2.

The greenhouse effect

The IR radiation radiated from the ground travels upwards through the
atmosphere and as it does it is absorbed by CO, and H,O. As a result, these
molecules become excited, raising the temperature of the atmosphere. They

. C e . . . To see how the greenhouse gases
themselves can then radiate IR radiation in all directions, some of which goes

contribute to the warming of

back to the Earth. We have seen that the temperature of the Earth is determined planet Earth, visit
by the point at which the radiation leaving the Earth is equal to that arriving. www.heinemann.co.uk/hotlinks.

. . . . . enter the express code 4426P and
By reducing the amount leaving, the temperature at which this balance will be

. X . click on Weblink 8.8.
achieved will be higher.
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Sankey diagrams

We have calculated already that by the time it gets to the Earth the intensity of
the Sun’s radiation is 1380 W m 2. However, the Earth is a sphere, so the power

received per unit area will be different at different places (less at the poles than at
the equator). The average value is taken here to be 342 W m™2

To understand the energy flow diagram for the complete greenhouse effect let us
first consider the flow diagram with no greenhouse gases (Figure 8.38).

Figure 8.38 Sankey diagram for > from the Sun
energy flow without greenhouse gases.
The amount of radiation absorbed by
the ground equals the amount being

radiated.

.
Energy flow with greenhouse 0
gases
Here we can see that 342 Wm™2
still enter and leave but now the
Earth is radiating more energy.
This energy is recirculated by the
greenhouse gases. 519 Wm~=2 are
absorbed by the gases and
519 W m~2are given out while
324 W m~2 of this do not leave the
atmosphere.

But we know that due to the greenhouse effect, the Earth is hotter than in this
model and so emits more radiation.

from the Sun

Figure 8.39 Sankey diagram >
for energy flow for the Earth and
greenhouse gases in the atmosphere.

The 102 W m~2 wiggly line represents
energy that is partly lost by convection

and partly used when water in the sea
turns to water vapour.

Earth

22 Using the data on the Sankey diagram, calculate the albedo of the Earth.




Global warming

Assessment statements

8.6.1 Describe some possible models of global warming.

8.6.2 State what is meant by the enhanced greenhouse effect.

8.6.3 Identify the increased combustion of fossil fuels as the likely major
cause of the enhanced greenhouse effect.

8.6.4 Describe the evidence that links global warming to increased levels of
greenhouse gases.

8.6.5 Outline some of the mechanisms that may increase the rate of global
warming.

We can see from our model of the greenhouse effect that the temperature of the
Earth depends on several factors. For example, if the amount of radiation coming
from the Sun were to increase then there would be more energy reaching the
Earth. This would cause the temperature of the Earth to increase until equilibrium
is restored; this is called global warming.

Models for global warming

The factors affecting the temperature of the planet are very complex and
interrelated. Physicists use their knowledge to make mathematical models so that
they can predict the outcome of changing variables. However, this problem is
rather more difficult than an ideal gas or any other system considered so far in this
course, and the equations are equally difficult to solve. To solve these equations,
physicists make computer models and program computers to do the millions

of calculations required. To show how these are built up, we will consider an
analogous situation.

Sand analogy

It is difficult to imagine what is happening to all the energy flowing in and out of
the Earth. To make this easier to visualize, we can consider an analogous situation
such as loading sand onto a truck.

Imagine you are filling a truck with sand. As you put sand onto the truck someone
else takes off a fixed percentage of the complete load. As the amount on the

truck increases, they take off more until they take off as much as you put on — an
equilibrium is reached.

100kg in 10kg out leaves 90kg < Figure 8.40 In the sand analogy, if
100 kg are put in each minute and
10% is taken out each minute then the
outcome would be as shown.

100kg in makes 190kg 19kg out leaves 171kg

o=ty ot




Figure 8.41 shows how the

sand analogy would be putinto a
spreadsheet and how the results can
be displayed as a graph of load against
time.

To see a simple spreadsheet model
for the Earth (without the green-
house effect), visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 8.9. Here you will
also find a lot of information about
climate change and details of the
other simulations they are running.

>
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To find out how the load varies until equilibrium is reached we have to do a lot
of calculations, or we can use a spreadsheet to do it for us (See Figure 8.41). Once
the data has been entered into a spreadsheet it is a simple matter of copying the
formula down in as many rows as you want. If you do this, then make sure you
copy row 3 not row 2, since row 2 only contains zeros. If this is copied down to
100 minutes you will see that equilibrium has been reached when the load
contains 900 kg, as every time another 100 kg is added, 100 kg will be taken out.
Once you have made this model it is very easy to change the variables to see what
would happen. You can try adding more sand by changing column D or taking
more out by changing the factor 0.1 in column E.

The amount taken outis 0.1 X 100
=0.1*D3 + F2)

The amount left is what was there

+ what was added

— what was taken out
=0+100—-10=90=F2 + D3 —E3

C pD\| E F
1 | Time (mins) | In (kg) \Out (kg) | Load (kg)
2 0| 000\ 000 0.00
3 2| 100.00 \10.00 90.00
4 2| 100.00 19.00 171.00
5 31 100.00 27.10 243.90
6 4100.00 34.39 309.51
1000.00
800.00 1
© 60000
S~
?
S 400.00
200.00
0.00 T T T T 1
0.00 20.00 40.00 60.00 80.00 100.00
time/min

Global warming is not as simple as the sand model but it’s the same principle.

Modelling global warming

The energy flow for the Earth and atmosphere is rather more complicated than
the sand analogy. One complication is the greenhouse effect, which would be like
putting some of the sand back into the truck. Computer simulations that model
the climate of the Earth must take all factors into consideration, and that takes a
lot more computer power than even the fastest home computer. One concerned
group, ‘Climate prediction, have been doing calculations on thousands of private
computers in homes and schools all around the world to gain the power needed to
run their computer model.

23 Try making the spreadsheet model as above. See what happens if you change the variables.



Causes of global warming

By analysing the energy flow diagram in Figure 8.38 we can see that there are
several ways that the temperature of the Earth could increase.

The radiation from the Sun

The radiation from the Sun is not constant. If the amount of radiation incident on
the Earth increases, then its temperature would increase. There are several factors
that affect this:

Solar flares/sunspots

Sunspots are black spots on the surface of the Sun that can be seen
if you look at the Sun through a sufficiently dark filter. The spots
are cool areas. However, when there are a lot of sunspots, the Sun
emits more energy due to the increased temperature of the gas
surrounding the spot. The number of sunspots varies on an 11-year
cycle.

Earth’s orbit

The Earth’s orbit is not circular but elliptical; this means that the
distance between the Earth and the Sun is not constant. There are
also other variations due to the change of angle of the Earth’s axis in
relation to the Sun. These are called Milankovitch cycles.

Enhanced greenhouse effect

If the amount of greenhouse gases in the atmosphere is increased, then the
amount of radiation absorbed by the atmosphere increases. The amount of energy
leaving the Earth is reduced and the temperature of the Earth would rise until
equilibrium was restored.

The greenhouse gases include water, carbon dioxide, methane and nitrous oxide.
Water is the biggest contributor to the greenhouse effect, with carbon dioxide
second. Methane has a much bigger effect, but there isn’t so much of it in the
atmosphere.

Ice cores

For hundreds of thousands of years the ice of Antarctica has been growing. Each
year a new layer is added on top of the old, so that the ice that is there now is made
up of thousands of layers, each layer representing a year’s growth (like the rings of
a tree). By drilling into the ice with a hollow drill it is possible to extract samples
(ice cores) that were laid down thousands of years ago. From the concentration

of the different isotopes of hydrogen in the water it is possible to determine the
temperature of the layers: more heavy isotopes means the temperature was colder.
These layers of ice also contain bubbles of air that have been trapped since the

ice was laid down; from these bubbles we can find how the composition of the
atmosphere has changed since the ice was formed. If we compare the temperature
of the Earth with the concentration of CO, we get an interesting result, as

shown in Figure 8.42. Comparing these two graphs we can see that when the
concentration of CO, increases, so does the temperature.

A

The increase in temperature as a result
of many sunspots together leads to
solar flares, jets of gas flying out from
the Sun’s surface like huge flames.

Greenhouse gases

There are many gases that
contribute to the greenhouse
effect and the complete picture of
their combined contribution is very
complicated and out of the scope
of this book. To simplify matters we
will only deal with CO, since this is
the major contributor.
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Figure 8.42 Data from the Vostok > 44
Antarctic ice core can be explained
using the greenhouse gas model,
however this piece of evidence alone
is not enough to say that temperature
depends on CO, concentration.

temperature/°C
)

_4 -
- —67
If the results from the ice core 6 —8-
were a class practical, then you
would devise an experiment to
test the hypothesis that, when the
concentration of CO, increases 2801
so does the temperature (making E 260
sure that the variables were 2
q ~ 2404
controlled). It's of course not S
possible to experiment with the Y220+
amount of CO, in the atmosphere 2004
so computer simulations may be
used instead.
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difference in temperature between
the temperature calculated from More recent data
the hydrogen isotopes in the ice

From measurements of the average temperature of the Earth and the amount of
core and the average temperature

how CO, in the atmosphere, it can be seen that there could be a relationship between
To find data from the ice cores, visit the two. The graphs in Figure 8.43 show both have risen in the past 50 years.
www.heinemann.co.uk/hotlinks, Notice there is regular yearly variation in CO,, the maximum coming after the

enter the express code 4426P and

northern hemisphere winter; this is because during the summer, plants absorb
click on the Weblink 8.10.

CO, from the atmosphere.

Figure 8.43 Graphs to show the temperature anomaly } 390+
(difference between the measured temperature and the
average temperature) and CO, concentration measured 380+
since 1960.
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What causes the change in CO,?

It is widely believed that the increase in CO, is due to human activity, mainly
because of the burning of fossil fuels which produces the gas, and deforestation
which removes plants that would normally absorb the gas. This hypothesis is
supported by the increased use of fossil fuels during the past 50 years (see
Figure 8.44).
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< Figure 8.44 The exponential
increase in fossil fuel consumption has

5 contributed to the increase in CO, in
natural gas

the atmosphere.

growth in fossil fuel consumption/year

1860 1885 1910 1935 1960 1985
year

What might happen and what can
be done?

Assessment statements

8.6.6
8.6.7
8.6.8
8.6.9

8.6.10
8.6.11

8.6.12

Define coefficient of volume expansion.

State one possible effect of the enhanced greenhouse effect

Outline possible reasons for a predicted rise in mean sea-level.
Identify climate change as an outcome of the enhanced greenhouse
effect.

Solve problems related to the enhanced greenhouse effect.

Identify some possible solutions to reduce the enhanced greenhouse
effect.

Discuss international efforts to reduce the enhanced greenhouse
effect.

4 The Steigletscher glacier in Switzerland
photographed in 1994 (top) and 2006
(bottom). Glaciers are shrinking like this
all round the world.

To find out what would happen if the average
temperature of the Earth were to increase, we
can look at what has happened during the past
50 years, especially global warming in recent

years, or we can use computer simulations.




Positive feedback

Melting ice caps have dual impact.
We have discussed the way that
the amount of radiation reflected
off the Earth is an important

factor in determining the Earth’s
temperature. The ice caps are
white and therefore reflect a high
amount of radiation (their albedo is
high). If they melt, then the amount
of reflected radiation would be
reduced, causing the temperature
to rise further; this is called positive
feedback.

O
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Rise in sea level

As the temperature of a liquid increases, it expands. The relationship between the
increase in volume (AV) and the temperature change (AT) is given by the formula

AV = BV,AT
where B = coefficient of volume expansion
V, = the original volume

If this is applied to water, then we can conclude that if the average temperature
of the oceans increases then they will expand. This has already been happening;
over the past 100 years sea level has risen by 20 cm. Trying to predict what

will happen as the sea temperature increases is complicated by the anomalous
expansion of water. Unlike a lot of other liquids, water does not expand
uniformly, in fact from 0 °C to 4 °C water actually contracts and then from 4 °C
upwards it expands. Trying to calculate what happens as different bodies of
water expand and contract is very difficult, but most models predict some rise
in sea level.

Another factor that could cause the sea level to rise is the melting of the ice
caps. This is the ice that covers the land masses of Antarctica, Greenland and
the glaciers in mountainous regions. It doesn’t include the Arctic since this
ice is floating. Floating ice displaces its own mass of water so when it melts it
makes no difference. If the ice caps melt and the water runs into the sea, then
it could make the sea level rise so much that some countries could disappear
under water.

Change in the weather

The other obvious consequence of the enhanced greenhouse effect is a change in
the weather. What would happen is, again, difficult to predict but most models
agree that countries near the equator will get hotter and countries in the northern
hemisphere will get wetter.

Solutions

To reduce the enhanced greenhouse effect, the levels of greenhouse gases must be
reduced, or at the very least, the rate at which they are increasing must be slowed
down. There are several ways that this can be achieved:

1 Greater efficiency of power production
In recent years the efficiency of power plants has been increasing
significantly. According to the second law of thermodynamics, they can
never be 100% efficient but some of the older less efficient ones could be
replaced. This would mean that to produce the same amount of power
would require less fuel, resulting in reduced CO, emission.

2 Replacing the use of coal and oil with natural gas
Gas-fired power stations are more efficient than oil and gas and produce less
CO,.

3 Use of combined heating and power systems (CHP)
Using the excess heat from the power station to heat homes would result in a
more efficient use of fuel.



4 Increased use of renewable energy sources and nuclear power
Replacing fossil fuel burning power stations with alternative forms such as
wave power, solar power and wind power would reduce CO, emissions.

5 Use of hybrid vehicles
A large amount of the oil used today is used for transport, and even without
global warming, there will be a problem when the oil runs out. Cars that run
on electricity or a combination of electricity and petrol (hybrid) are already
in production. Aeroplanes will also have to use a different fuel.

6 Carbon dioxide capture and storage
A different way of reducing greenhouse gases is to remove CO, from the
waste gases of power stations and store it underground.

An international problem

Global warming is an international problem, and if any solution is going to work
then it must be a joint international solution. Before working on the solution the
international community had to agree on pinpointing the problem and it was to
this end that the Intergovernmental Panel on Climate Change (IPCC) was formed.

IPCC

In 1988 the World Meteorological Organisation (WMO) and the United Nations
Environmental Programme (UNEP) established the IPCC, the panel of which was
open to all members of the UN and WMO. Its role was not to carry out research
but to assess all the available information relating to human induced climate
change.

An excerpt from the first report of Working Group I in 1990 states:

“The experts concluded that they are certain that emissions from human activities
are substantially increasing the atmospheric concentrations of greenhouse gases
and that this will enhance the greenhouse effect and result in an additional
warming of the Earth’s surface.”

Kyoto Protocol

In 1997 the Kyoto Protocol was open for signature: countries ratifying this treaty
committed to reduce their greenhouse gas emissions by given percentages. By
January 2009, 181 countries had signed and ratified.

Asia-Pacific Partnership on Clean Development and Climate To access the websites of the IPCC,

(APPCDC) the UN and the Asia-Pacific Partner-
ship, visit

This is a non-treaty agreement between six countries that account for 50% of www.heinemann.co.uk/hotlinks,

the greenhouse emissions. The countries involved agreed to cooperate on the enter the express code 4426P and

click on Weblinks 8.11, 8.12 and

development and transfer of technology with the aim of reducing greenhouse 613

emissions.
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Practice questions

1 This question is about energy sources.
(@) Fossil fuels are being produced continuously on Earth and yet they are classed as
being non-renewable. Outline why fossil fuels are classed as non-renewable. (2)
(b) Some energy consultants suggest that the solution to the problem of carbon
dioxide pollution is to use nuclear energy for the generation of electrical energy.
Identify two disadvantages of the use of nuclear fission when compared to the
burning of fossil fuels for the generation of electrical energy. (2)

(Total 4 marks)
2 This question is about solar energy.

(a) By reference to energy transformations, distinguish between a solar panel and a
solar cell. (2)

Some students carry out an investigation on a solar panel. They measure the output
temperature of the water for different solar input powers and for different rates of
extraction of thermal energy. The results are shown below.

350+

340

330

320+

output temperature (K)

310

300 T T T T T 1
200 300 400 500 600 700 800
input power (W)

(b) Use the data from the graph to answer the following.
(i) The solar panel is to provide water at 340 K whilst extracting energy at a
rate of 300 W when the intensity of the sunlight incident normally on the
panel is 800W m~2. Calculate the effective surface area of the panel that

is required. (2)
(ii) Deduce the overall efficiency of the panel for an input power of 500 W
at an output temperature of 320 K. (3)

(Total 7 marks)
3 This question is about the production of electrical energy.
(@) Outline the principal energy transfers involved in the production of electrical energy
from thermal energy in a coal fired power station. (2)
(b) State and explain whether the energy sources used in the following power stations
are renewable or non-renewable.
(i) Coal fired (1)
(ii) Nuclear (1)




(c) The core of some nuclear reactors contains a moderator and control rods. Explain
the function of these components.

(i) The moderator (2)

(ii) The control rods (2)
(d) Discuss one advantage of a nuclear power station as opposed to a coal-fired

power station. (2)

(Total 10 marks)
This question is about wind energy.
It is required to design wind turbines for a wind farm for which the following information
is available.
Total required annual electrical energy output from the wind farm = 120T)
Maximum number of turbines for which there is space on the farm = 20
Average annual wind speed at the site =90ms™'
(a) Deduce that the average power output required from one turbine is 0.19 MW.  (3)
(b) Estimate the blade radius of the wind turbine that will give a power output of

0.19 MW. (Density of air = 1.2 kg m~3) (3)

(c) State one reason why your answer to (b) is only an estimate. (1
(d) Discuss briefly one disadvantage of generating power from wind energy. (2)
(Total 9 marks)

This question is about the production of nuclear energy and its transfer to electrical
energy.
(@) When a neutron “collides” with a nucleus of uranium-235 (U) the following

reaction can occur.

90
36

U+ In— 'HBa + JKr + 2!n
(i) State the name given to this type of nuclear reaction. (1)
(ii) Energy is liberated in this reaction. In what form does this energy appear? (1)
(b) Describe how the neutrons produced in this reaction may initiate a chain reaction. (1)
The purpose of a nuclear power station is to produce electrical energy from nuclear
energy. The diagram below is a schematic representation of the principle components of
a nuclear reactor “pile” used in a

certain type of nuclear power station. | |

uranium ore i
graphite block
fuel rods ‘E (moderator)

The function of the moderator is to slow down neutrons produced in a reaction such as
that described in part (a) above.

control rods

(c) (i) Explain why it is necessary to slow down the neutrons. (3)
(ii) Explain the function of the control rods. (2)
(d) Describe briefly how the energy produced by the nuclear reactions is extracted from
the reactor pile and then transferred to electrical energy. (4)

(Total 12 marks)
This question is about nuclear power and thermodynamics.
(@) A fission reaction taking place in the core of a nuclear power reactor is
o+ 722U — "HBa + 2Kr + 3)n.
(i) State one form in which energy is released in this reaction. (1)
(ii) Explain why, for fission reactions to be maintained, the mass of the uranium
fuel must be above a certain minimum amount. (2)
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(iii) The neutrons produced in the fission reaction are fast moving. In order for a
neutron to fission U-235 the neutron must be slow moving. Name the part

of the nuclear reactor in which neutrons are slowed down. (1)
(iv) In a particular reactor approximately 8.0 x 10 fissions per second take
place. Deduce the mass of U-235 that undergoes fission per year. (3)

(b) The thermal power from the reactor is 2400 MW and this is used to drive (operate)
a heat engine. The mechanical power output of the heat engine is used to drive
a generator. The generator is 75 % efficient and produces 600 MW of electrical
power. This is represented by the energy flow diagram below.

2400 MW

generator (———| 600 MW

heat engine

power input
to generator

power lost
power lost by generator
by heat
engine
(i) Calculate the power input to the generator. (1)
(ii) Calculate the power lost from the generator. (1)
(iii) Calculate the power lost by the heat engine. (1)
(iv) State the name of the law of physics which prohibits all of the 2400 MW
of input thermal power from being converted into mechanical power. (1)
(vi) The heat engine operates in a Carnot cycle with a low temperature
reservoir of 300K. Calculate the temperature of the hot reservoir. (2)

(Total 14 marks)
7 This question is about wind power.
(@) A wind turbine produces 15 kW of electric power at a wind speed v.
(i) Assuming a constant efficiency for the wind turbine, determine the power

output of the turbine for a wind speed of 2v. (2)
(ii) Suggest two reasons why all the kinetic energy of the incident wind
cannot be converted into mechanical energy in the turbine. (2)
(b) State and explain one advantage of using wind power to generate electrical
energy as compared to using fossil fuels. (2)

(Total 6 marks)
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@ Analogue and digital signals

Il
Assessment statements 1+

14.1.1 Solve problems involving the conversion between binary numbers and
decimal numbers.
14.1.2 Describe different means of storage of information in both analogue Q<<

and digital forms. pd A
14.1.3 Explain how interference of light is used to recover information stored
on a CD.
14.1.4 Calculate an appropriate depth for a pit from the wavelength of the
laser light.
14.1.5 Solve problems on CDs and DVDs related to data storage capacity.
14.1.6 Discuss the advantage of the storage of information in digital rather
than analogue form.
14.1.7 Discuss the implications for society of ever-increasing capability of data
storage. 0] tim:e
A

Figure 9.1 An analogue signal.
In this topic we will be learning about the physical principle behind the operation

of many of today’s digital devices, the digital camera, data storage on CD and
DVD and the mobile phone system. Before starting this section you will need to

have covered the basic electricity and waves sections in the core chapters. > :I :I+

Electrical signals

When dealing with electronic appliances we will often refer to a signal. A signal is
the transfer of information from one place to another. For example, if you wave
your hand to a friend, that is a signal from one person to another. An electrical
signal is when information is sent via a changing electric field; a simple example
would be if the switch in Figure 9.2 is opened and closed so that a changing
electric field is sent to a light bulb.

pd A

Analogue signal

An analogue signal is a continuously varying signal. For example, in the circuit o —>
shown in Figure 9.1, the current changes from a minimum to a maximum as the A time
resistance is decreased, causing the bulb get progressively brighter. The change in Figure 9.2 A digital signal.

potential difference (p.d.) is an analogue signal.

Digital signal

A digital signal is not a continuously varying signal but one that changes from one
value to another. If we consider the circuit in Figure 9.2 the bulb is off but if the
switch is closed the bulb will suddenly glow bright. This step from low potential to
high is a digital signal.
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Transmitting sound

A more complicated signal could be sent using a microphone. The change in
pressure caused when you speak makes a part inside the microphone vibrate,
resulting in a changing p.d. The p.d. across the microphone varies in exactly the
same way as the pressure of the sound wave. A graph of p.d. against time would
therefore have the same shape as a graph of displacement against time

This signal can then be fed to an amplifier which increases the p.d.. If the p.d. is
now connected across a loudspeaker, the loudspeaker will reproduce the original
sound but louder.

The electrical signal between microphone and speaker is an analogue signal
because it is a continuously varying signal.

Figure 9.3 Graph1 shows the 4 A PREBEELY
displacement of the microphone and it §
Graph 2 the p.d. produced. 5] 9]
13 E
i » 3 >
2 time o time
o =
) c
] z
2
graph 1 graph 2

Recording an analogue signal

A sound can be stored on a vinyl record or an audio tape. These are both examples
of analogue recording.

Vinyl record (LP)

A record is a disc made of plastic (vinyl) that has a thin groove cut in it by a needle
that moves from side to side at the same frequency as the sound. If you look at the

The grooves in a vinyl record have the groove under a microscope it looks like a graph of the sound wave. The record is
same shape as a graph of the original played on a turntable with a needle resting in the groove. As the record rotates the
sound.

needle is made to vibrate by the wavy groove at the same frequency as the original
sound. The needle is connected to
a device that turns this vibration

v

back into an electrical signal,
which can then be amplified and
transmitted to a loudspeaker.
The groove in the record spirals
inwards so the needle moves
through the groove faster when
it is playing music on the edge of
the LP. This means that the wavy
groove is more squashed in the
centre of the record than at the
outer edge.




Audio tape

Audio tape is a magnetic tape wound between two spools in a cassette. It is reeled

past an electromagnet which varies its magnetic field at the same rate as the signal.

The result is that the tape gains a magnetic field that varies continuously at the
same rate as the signal.

Digital devices

Many of today’s electronic devices are said to be digital, e.g. computers, MP3
players and some telephones. These devices contain a microprocessor that can
perform many functions. For example, an MP3 player not only plays music but
tells you the name of the track and the artist. A DVD player can give subtitles in
many different languages and a computer can do amazing things to a photograph.
The microprocessor contains millions of tiny switches that can be either on or off.
When they are on they give out a signal and when off there’s no output. They are
able to process digital signals.

Digital electronics

To understand the significance of using digital signals we will have a look at some
simple digital electronics.

Logic gates

Digital circuits, for example the microprocessor in a computer, are made up of
logic gates; these give out different signals depending on the input. There are two
main types of gate: the AND gate and the OR gate (see Figures 9.5 and 9.6)

input —
output
input —
] Lo ]
JL | 1 _ 0 0
1 0
input
output
input

1 1 0
1 1 0
1 0 0

By using combinations of different types of logic gate, many processes can be

ol c>|
|

performed that are much more complicated than simply switching lights on and
off, for example making an MP3 player play the right track when you press certain
buttons. Logic gates are simple devices and they only work with simple digital

We say that the audio tape stores
an analogue signal - in other words,
it is continuously varying. In fact,

it cannot be continuously varying
since the tape is not continuous; it
is made of molecules.

pd A
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Figure 9.4 A digital signal can be
represented mathematically by a series
of 1s and 0s. The high part of the signal
isa 1andthelowa 0.

4 Figure 9.5 The AND gate symbol.
An AND gate has two inputs and one
output. It only gives an output if there is
a signal on each input. It could be used
to switch on a light, for example, only if
two switches are closed.

< Figure 9.6 The OR gate symbol. This
gate gives an output if there is a signal
on one input or the other. It could be
used to switch on a light when either
one or both switches are closed.




Digital technology

signals that are made of 1s and 0s. This may not seem very useful until you realise
that all numbers can be made out of a series of 1s and 0s. This is called the binary
system.

Binary numbers

Our normal system of numbers is called the decimal system. In this system we can
use 10 symbols (0-9) to represent any number. The way it works is that we group
units, tens, hundreds and so on. So 365 is 3 hundreds, 6 tens and 5 units. Units,
tens and hundreds are all powers of 10: 10°, 10!, 102 etc. We can represent this in

Table 1.
Table 1 The decimal system of | 2 Power of 10 | 3 2 1 0
numbers.
1000 100 10 1
thousands hundreds tens units

The base of our number system doesn’t have to be 10. We can use any number. If
we use 2, this is called the binary system, as represented in Table 2.

Table 2 The binary system of numbers. ’ E— 3 2 1 0
8 4 2 1
eights fours twos ones

In this system the number 7 would be one 4, one 2 and one 1. See Table 3 for the
numbers 1-10 in binary. With 4 digits we can count from 0 to 15, with 8 digits we
can count to 255.

L) > decimal binary
1 00000001
2 00000010
3 00000011
4 00000100
5 00000101
6 00000110

Bit (b) O 7 00000111

Each 1 or Ois called a binary digit 8 00001000

or'bit’

Byte (B) 9 00001001

A byte is 8 binary digits. 8 digits

can represent any number from 0 10 00001010

to 255.

1 Convert the following numbers into 8-digit binary:
(@) 7 (b) 14 (c) 16 (d) 67 (e) 125

2 Convert the following 6-bit binary numbers to base 10 numbers:
(a) 000111 (b) 100100 (c) 110011 (d) 111111




ASCII code

It is not at all obvious that a computer uses 1s and Os to perform its functions.
After all, we don’t communicate with a computer in this way, we type letters on a
keyboard. What the computer does is to convert each letter into an 8-bit binary
code. This is called the ASCII code, which stands for American Standard Code for
Information Interchange. A small part of it is shown in Table 4 where each letter is
8 bits, or 1byte, of information. You can test this by typing the word computer into
a notepad document and saving it on your computer. If you look at the properties
of this file you will see that it has a file size of 8 bytes with one byte for each letter.
If you do the same exercise in MS Word you will find the file size is much bigger
because of all the formatting.

4 |[fyou typed the letter A once every second into a notepad document, how long would it take

you to fill a 200 GB hard drive?

Analogue to digital conversion

ASCII code

0100 0001
0100 0010
0100 0011
0100 0100
0100 0101

mo N ® >

3 Write the word BAD in ASCII code.

We have seen that a digital signal is more versatile than an analogue signal. It

would, therefore, be a great advantage if we could change analogue signals, such as
music, into digital signals. This can be done using an analogue to digital converter

or ADC.

Sampling an analogue signal

The first stage in converting an analogue signal to a digital one is to measure the
voltage at regular intervals to create a pulse amplitude modulated (PAM) signal.
This is called sampling. Consider the signal in Figure 9.7. The first sample is rough
but if the sampling rate is increased then the digital signal begins to look like the

original analogue sample.

A
4 4
31 31
24 24
14 - 1
> time/s =
50 i -
Q__1_ Q__.I_
72_ 72.
_3_ _3.
—4- —44

time/s

4 Table 4 The ASCII code uses 8 bits to

@
]

represent each character.

Why don't we communicate in
binary language?

Chinese has tens of thousands of
characters so each one cannot
be represented by one byte of
code. Two bytes are used instead,
giving about 65 000 possible
combinations.

Sampling rate

The sampling rate is the rate at
which a signal is measured. If the
sampling rate is higher, the digital
signal will be closer to the original
sound.

Figure 9.7 An analogue signalis
sampled at twice a second and then
four times a second.

time/s
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Nyquist frequency

The Nyquist theory states that to record a certain frequency the sampling rate
must be at least twice the frequency. This is so that at least one point on each peak
and trough is recorded per cycle. Sound is often sampled at a rate of 40 000 Hz

so the highest frequency that can be recorded is 20 000 Hz, which is the highest
frequency that humans can hear.

5 Figure 9.8 shows a graph of the varying p.d. from a microphone. Convert this signal to a PAM
signal by measuring the p.d. at a sampling rate of 200 Hz. Round off all of the p.d.s to the nearest
whole volt. Draw a graph showing the digital signal.

A
44
3
2

25 /time/X1073s
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Figure 9.8
Does this sampling rate give a true representation of the signal?
6 Repeat with a sampling rate of 400 Hz.

7 To measure the variation of a 50 Hz AC signal using a digital device, what is the minimum
sampling rate you should use?

Changing to binary

PAM signals cannot be processed by a microprocessor until they are converted
to the binary system. To change a PAM signal to binary we must split the p.d.
into different levels which can then be converted to a binary number. The
number of levels depends upon how many bits we are going to use to represent

the number.
Figure 9.9 The p.d. of the example ’ 1 )
. ) . 6 124
signal is split into @) 6 levels for a 114
3-bit digital conversion and b) 12 levels 51 18:
for a 4-bit digital conversion. 5 44 - 5 84 .
o time/s Qo 7 time/s
€ 3 T T 1S g T T
Z 5. ] 3 | /A 3 5] 1 3 | L4
3-
14 2
14
0+ 0-
a) b)

Number of bits

If we consider the signal in Figure 9.7 we see that it goes from about —3V to
+3V. This range can most easily be represented by the numbers 0-6, each number




representing a different voltage, as in Figure 9.9 . If we convert these numbers to
binary they can be represented by 3 bits. If we sample this signal at a sampling rate
of 1 Hz then we reach the values given in Table 5.

For 3-bit digital conversion
Time Number Binary
0 3 011
1 6 110
2 3 011
3 0 000
4 3 011

The complete signal for the 3-bit conversion is 011110011000011. This string of 1s
and Os can be turned back into the original signal as long as we know how many
bits were being used in the original conversion.

In the process of converting the p.d. to a number we have had to round off the
values, for example at 1 second the number is between 5 and 6 when using levels
1-6 for 3 bits. It would be better if we had more levels but this would require more
bits. With 4 bits we can represent numbers from 0-15, and this would enable us to
split the voltage range into 12 numbers, as in Figure 9.9. This would give the values
in Table 6.

‘ Table 5 Binary values for an analogue
signal for 3-bit digital conversion. The
maximum number of levels for 3-bit
conversion is 8.

For 4-bit digital conversion 4 Table 6 Binary values for an analogue
signal for 4-bit digital conversion. The
Time Number Binary maximum number of levels for 4-bit

conversion is 16.

0 6 0110

1 11 1011

2 6 0110

3 1 0001

4 6 0110

So, to record the signal accurately we need a high sampling rate and a large
number of bits. A typical MP3 player samples 16 bits at a rate of 44.1 kHz. This
means that the signal can be split into 65 536 levels. This sounds very impressive,
but remember the original analogue signal was continuous, you could say it had
an infinite number of levels.

8 Convert the signal in the 12-level graph (Figure 9.9 b) to 4-bit binary with a sampling rate of 2 Hz. A
Present your data in a table similar to Table 6. A computer hard drive stores

information in microscopic magnets

that can either point in an up or down

direction.

9 The following string of 1s and Os is 3-bit binary data sampled at 2 Hz. Turn this data into a table
giving time and a number representing the p.d. Use this data to draw the signal.
011100101100011000
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An electron microscope image of the
pits that form the spiralling track on a
CD.

Figure 9.10 A diagram of a CD
showing the dimensions and layers.

The bumps are called pits because
they are small holes in the plastic
disc. When they are filled with
aluminium, they form bumps. The
lands are the parts in between.

>

>

@)

Digital storage

A digital storage device, such as a computer hard drive or a CD, stores a series of 1s
and 0s.

Compact disc (CD)

Construction

A CD is a 12 cm plastic disc. Information is stored on it in the form of a spiralling
track of small pits that are pressed into the plastic. To make the pits readable with
a laser they are made shiny by spraying with a thin film of aluminium before being
filled with an acrylic layer and a label. The result when viewed from the readable
side is a shiny disc covered in microscopic bumps that spiral outwards from the
centre in a 5 km long track.

label

acrylic

aluminium
. clear plastic

Reading the CD

The shiny bumps or pits are read using a laser. When it shines on the step at the
edge of a pit, part of the beam reflects off the pit and part off the land. The height
of the pit (125 nm) is  of the wavelength of the laser light. (The laser light has a
wavelength of 780 nm but when it passes into the plastic it slows down resulting in
a decrease of the wavelength to 500 nm).

After reflection the two beams meet at a sensor located in the pickup. At this point
the beam reflected off the bottom of the disc has travelled ; a wavelength further
than the wave reflected off the top of the pit. The two waves are, therefore, out of
phase and interfere destructively, causing the reflected light to ‘blink’



The sensor produces an emf that is proportional to the amount of light it receives.

When the destructive interference occurs the emf goes down. Figure 9.11 Two rays of laser light
reflected off the edge of a piton a

land land < CDThe reflected rays are out of phase.
| i]Twavelength (125 nm) if
bit Ol:t of phase
pit (to sensor)
1 wavelength (500 nm) <
in phase
(from laser) thIS ray has travelled
2t( 2) further

Iaser sensor

Worked example

If the laser light used had a wavelength of 600 nm in plastic, what depth of pit

would the CD have? Timing
[tis important that the reader

reads at just the right time. To
Solution synchronize the reader, the track

. - . . is slightly off centre. The constant
To achieve destructive interference, the path difference between light from the top Wobgb|e>t/his causes is used to keep

of the pit and bottom of a land should be 1. Since the light travels there and back the reader synchronized.
the pit height must therefore be A = £3% = 150 nm.

Tracking

When a CD is put into a CD player, it spins at about 700 rpm and the laser and
sensor are moved slowly outwards, following the spiralling path of pits. The sensor
samples at 44 100 times per second, which means that about every 23 s a reading
is taken. Whenever there is a change from a pit to a land, the laser blinks. This is
represented by a 1 and if there is no blink then this is represented by a 0.

It is important that the laser reads the pits at a constant rate, otherwise it might
miss some information or record more ‘no blinks’ than actually exist. If the CD
rotated at a constant rate, the velocity would increase as the laser moved to the
outer edge, so the CD slows down as the laser moves outwards. A CD can store

700 MB of information.
< Figure 9.12 The laser tracks outwards.
The reflected light is read at constant
intervals:
blink 1 0 0 blink = 1
no blink -0
° | |

L

laser/sensor
pickup
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Worked example

If the CD rotates at a rate of 500 rpm when the pickup is 2 cm from the centre,
how fast should it rotate when it is 4 cm from the centre?

Solution

We know from circular motion that the speed of a rotating body is given by:

v = wrwhere w = 27f

so v = 2mfr

If v is constant this means that f o % so if the radius is doubled the frequency is
halved to 250 rpm.

Digital video disc (DVD)

A DVD operates on the same physical principle but has a much higher storage
capacity. This is achieved in several ways

Laser

The laser used to read a DVD has a wavelength of 640 nm, which means that
smaller pits can be read.

Track

Each pit is about 1 the size of the pits on a CD. In addition, the track spirals are
twice as close, making the track length twice as long as that of a CD with twice as
many pits on it.

Layers

How many bytes?

1 page of writing 10kB

1 metre book shelf of books 100 MB

Complete works of Beethoven 20 GB. On a double sided double layer DVD it is possible to store 17 GB of data, a lot
more than the 700 MB of a typical CD.

It is possible to double the information on a disc by having two layers of pits. The
O top layer is coated with a semi-reflective coating enabling light to also pass through
to read the bottom layer.

10 The track on a CD is 5 km long and is made up of a series of pits and lands that are a minimum of
0.83 pm long.
(@) How many pits are there on the CD track (remember each pit is followed by a land)?
(b) Each short pit has two edges so represents 2 bits of data. How many bits are there on a CD?
(c) How many bytes of data are there on a CD?

11 A CD can store 74 minutes of stereo music.
(a) If 16 bits are recorded at 44 000 samples per second, how many bits are recorded in
74 minutes?

(b) The music is stereo so there are 2 channels. How many bits must the CD contain?
(c) How many bytes is that?




Comparing analogue and digital storage

There will always be a difference between an analogue signal and its digital
equivalent. However, we must remember that when an analogue signal like a piece
of music is stored on an analogue storage device such as an LP or audio tape, it
will not be exactly the same as the original sound: the electronics needed to move
the needle to cut the groove in an LP will make small changes to the signal. It is
true that an analogue storage device does store more data than a digital device,
but there is a point beyond which it is not possible to hear the difference between
a digital recording and an analogue recording. However, once the information is
stored, there are many advantages to storing digitally.

Processing data

A computer is a powerful

tool that can process

digital information. A clear

advantage of storing data

digitally is that you can

use a computer to change

it. For example, digital

photographs can be enhanced

or completely changed using

Adobe Photoshop; a singer’s

voice can be edited to sing

in tune; video clips can be

joined and edited together.

All of these functions can be carried out on analogue data but the processes
require specially made, expensive equipment. The reason that it is cheaper to
process a digital signal is that the components do not have to be very precise, as
the 1s and Os can be represented by a high and a low potential, respectively. The
high potential can vary but will still be high and therefore recognized as a 1, but
changing an analogue signal by the same amount will make it unrecognizable.

JULL

0 1

1 0 1 0 1 0 o 1 o0 1 0 1 0 1

Accessing data

One major advantage of an MP3 or CD player over either a tape recorder or record
player is the possibility of jumping from track to track. The analogue data on an
audio tape is stored in sequence, so to get to the last track on an album you have to
wind the tape to the end. This is not a problem with a digital device where the data
is stored like folders in a filing cabinet. This form of storage also makes it possible
to combine different sorts of data, such as the language of the subtitles on a DVD.

4 A digitally manipulated photograph of
Einstein.

4 Figure 9.13 Even though the digital
signal is changed the data is the same,
unlike the analogue signal that is now
very different.
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Figure 9.14 The loudness is related }
to the magnetic field strength in an
analogue tape but this has no relevance

in a digital tape.

A word of warning O

In 1975 the data from the Viking
Lander Mission to Mars was stored
on digital tape. Unfortunately, in
recent years these were found

to have deteriorated and the
formatting used was unreadable.
Luckily there were paper copies.
In 1986 the BBC stored data for
their Doomsday Project on a laser
disc. This method of storage is now
obsolete.

Corruption of data

A
loud quiet 11 0 0

Opver a period of time the storage medium can deteriorate or become damaged
leading to a corruption of the data. We have seen that both the audio tape and the
computer hard drive use magnetic fields to store data. A piece of music sounds as
it does because of variations in the frequency and loudness of the sound. These
are recorded on an audio tape as variations in the strength and orientation of
microscopic magnets, so that in a loud sound there would be a strong field and

in a quiet sound a weak field (see Figure 9.14). If the magnets deteriorate with
time then the strength of the field will be smaller and hence the loudness recorded
will be less. We have seen that when an ADC converts a sound to a digital signal
the information about loudness and frequency is recorded as a series of 1s and 0s
which are recorded by the orientation of magnets. If these magnets deteriorate, the
signal will not change.

Storing text

We have seen that it is possible to convert text to binary data using ASCII code and
this can be stored on a hard drive, CD or other storage device. The small size of
these devices makes it possible to store large amounts of data in a small space.

Retrieving damaged data

When data is converted to digital form and stored on a CD or other device
then extra information is also stored, so that it is possible for the laser reader to
recognize whether some of the data has been changed or damaged.

Social implications of digital data storage

In 1830, when Carl Friedrich Gauss first produced a binary electrical signal, he
would have had no idea of the far-reaching social implications of his work. Today
we are in the middle of the digital revolution, with new applications of digital
technology arriving in the shops each week. We still don’t really have any idea of
the social implications for the future; however, we can see some of the effects of
these advancements over the past 20 years.

Home entertainment

Switching from analog to digital storage for music and video has made it possible
to produce cheap but high quality music and video playback machines for home
entertainment. Via the internet, it is now possible to download and store music
and films without payment. This has resulted in lower attendance at cinemas and a
whole new branch of the law to deal with illegal copying.

Digital video has also made it possible to edit and produce high quality home
videos: this is good news for families but also has negative aspects.



Personal information

Because digital storage of information takes up so little space it is now possible

to keep and use every piece of information about any individual. The essays you -
. . 6 Advances in science and
write at school can now be stored and published when you become a famous .

) ) ) ] ) technology often have far-reaching
author. Every time you send an email or do an internet search, the information consequences. Who should decide
can be stored and used ... either for you or against you. Once information is in a whether a piece of research that
digital form it can also be processed in many ways; for example it is possible to use might have social implications

.\ . . should be carried out or not?
face recognition software to recognize faces in a crowd.

@ Data capture; digital imaging

Assessment statements

14.2.1  Define capacitance.

14.2.2  Describe the structure of a charge-coupled device (CCD).

14.2.3  Explain how incident light causes charge to build up within a pixel.

14.2.4  Outline how the image on a CCD is digitized.

14.2.5 Define quantum efficiency of a pixel.

14.2.6  Define magnification.

14.2.7  State that two points on an object may be just resolved on a CCD if
the images of the points are at least two pixels apart.

14.2.8 Discuss the effects of quantum efficiency, magnification and
resolution on the quality of the processed image.

14.2.9 Describe a range of practical uses of a CCD, and list some advantages
compared with the use of film.

14.2.10 Outline how the image stored in a CCD is retrieved.

14.2.11 Solve problems involving the use of CCDs.

In the previous section we were mainly concerned with the storage of music and
text. In this section we will look at how images can be turned into digital form so
they can be manipulated and stored. It is quite possible that many readers have
never used a film camera, so before we consider digital devices we should look at
the workings of a simple film camera.

The film camera

A camera uses a convex lens to focus light from an image onto a film.

Lens

A convex lens refracts the light so that rays coming from an object will cross over
on the film. This is called focusing as shown in Figure 9.15.

object

S

4 Figure 9.15 The optics of a simple film
camera. If you were to look at the film
you would see a small upside down
version of the object, this is called an
image.

camera lens
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negative

positive

A
Figure 9.16

A digital camera showing the flash
card used for digital storage. CCD was
invented when it was found out that
certain computer memory chips were
light sensitive.

Figure 9.17 A capacitor charged by

a battery stores charge. Even if the
battery is now disconnected, the charge
remains on the capacitor plates. We say
the capacitor is charged.

>

Film

A photographic film comes in a roll, which has to be loaded into the back of a
camera. The film has to be inserted into the camera so that it is not exposed to
light until you take a picture. The film is a plastic sheet covered with grains of a
photosensitive chemical, such as silver bromide. When you take a picture, a shutter
is opened and this allows light to fall on the film. When photons land on a grain,
it changes the chemical nature of some of the atoms in the grain and records the
image. As the film is dipped into a liquid, known as developer, the grain turns
black. Since all the light areas on the image are now recorded as black dots, the
picture will be a reverse of the original image. This is called a negative (see Figure
9.16). The developing process has to be repeated a second time to convert the
negative to an image that looks like the object. This whole procedure takes some
time to be performed and needs specialist equipment. Anyone who has used a
digital camera will already see some of the advantages.

The digital camera

The optics of a digital camera are exactly the same as the film camera but instead
of a film, the digital camera has a charge coupled device, or CCD, to record the
image. This converts the image into a digital signal that can then be stored on a
digital storage device such as a CD. To understand its operation, we must first
run through some basic physical principles that have not been covered in the core
chapters of this course.

Capacitance

A CCD is a small slice of silicon that has been divided into many tiny squares.
Each square acts as a capacitor that stores charge released from the silicon when
light shines on it. A capacitor is an electrical component that stores charge. In its
simplest form it is made out of two parallel plates separated by a small air gap. If a
p.d. is applied to the capacitor, then charge flows onto the plates, as in Figure 9.17.
The charge can’t flow round the circuit because of the air gap so it collects on the
plates.

Charge = Q
gl I+++ +++

:I:




The photodiode
Capacitance

In a CCD, the capacitors are not charged by a battery but store charge when light When a capacitor is charged there
shines on them. Instead of air inside the capacitors there is silicon that has been is a p.d. between the plates. The
impregnated with some impurity. When a photon of light is absorbed by a silicon size of the p.d. is proportional to

. . . - . the amount of stored charge.
atom, an electron becomes excited into a higher energy level. In silicon, this

] ] . . ) charge
results in the electrons being able to move around the material freely and allowing CeRECILce s o reriial
them to collect on the capacitor plates. This arrangement is called a photodiode. c=Q
Electrons are also liberated due to thermal energy — this is called thermionic Ulfie i) 4

emission and can cause problems, as we shall see later on.

12 What will be the potential difference between the plates of a 15 wF capacitor if there is a charge
of 5 uC on the plates?

13 The capacitance of the photodiodes in a typical CCD is about 100 wF. What charge will cause a
p.d. of 1V across it?

14 What is the charge of 50 electrons? If there are 50 electrons stored on a 100 nF photodiode what
will the p.d. across it be?

The CCD array of photodiodes

The CCD is a two-dimensional (2D) array of photodiodes that have been created
on a thin wafer of silicon. The wafer has many layers; a simplified version is shown
in Figure 9.18.
‘ Figure 9.18 The layers of a CCD. Ifa
photon of light lands on a photodiode,
it causes an electron to be freed from a
silicon atom (the photoelectric effect).
This electron is trapped by the channel
stop (an insulating strip) and a potential
barrier created by adding impurities to
the silicon. The photodiode therefore
acts like a capacitor, storing charge.

channel stop

potential barrier photodiode

Pixels

When light is focused onto the CCD by the camera lens, an image of the object is
projected onto the CCD. This causes electrons to be stored in each photodiode;
the number of electrons stored depends on the intensity of the light. In this way
the image is recorded. However, not all the information from the light can be
recorded, only the light that falls on the photodiodes. The picture has been turned
into millions of small squares, or pixels. The number of pixels on the CCD is often
quoted in camera adverts; a 6-megapixel camera has 6 million photodiodes on its
CCD chip.

< Artists also use pixels. Here a painting of
a face is made out of small squares.
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Figure 9.19 A pixelated image of a
triangle on a CCD chip. Notice how the
number of electrons stored depends
on the amount of light landing on the
pixel. The electrons are moved down to
the serial register where they are read
line by line.

hy
image
object \l, h
I
object
A
Figure 9.20
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Reading the data

electron
object image

pixel
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photodiode
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serial shift register

The data is now stored as charge on the 2D grid of the CCD. To turn this into
a digital signal we need a single line of 1s and 0s. This is achieved by applying a
potential difference across the chip: this moves all the electrons down one row.
The end row is called the serial register; this is a row of photodiodes that have
wires connected to them enabling the p.d. between their top and bottom to be
measured. This p.d. is proportional to the amount of charge stored (remember
that Q = CV). As each row is moved down (clocked) the p.d.s are measured
and converted to a binary number by an analogue-to-digital converter. After
measurement, the charge is removed from the row. The whole process is rather
like counting the eggs in an egg box by tilting the box so that the eggs roll into
the end row. After the eggs are counted they are removed and another row of eggs
rolls down (see Figure 9.19).

Terms and quantities related to digital imaging
Magnification ()
Magnification is the ratio of the height of the image and the height of the

object (h—' ) If the image on the CCD is very small then only a small number

of photodiodes will be illuminated, and this will result in a poor quality image.
The size of the image on the CCD depends on the size of the CCD. The most
common sizes of CCD range from 6 mm to 16 mm (diagonal measurement). If a
large format CCD is used, then the image can be big and will be made up of more
pixels.

Quantum efficiency

The quantum efficiency of a photosensitive device is defined as the ratio of the
number of photons absorbed to the number of electrons freed, as a percentage.
If 5 photons hit a photodiode and 3 electrons are freed then:

quantum efficiency = 2 X 100% = 60%

If quantum efficiency is low, then some parts of the image will be lost.

Lenslets

If light falls on the gaps between the photodiodes, the photons will not cause any
emission of electrons. To make all the photons land in the right area, small lenses
are attached on top of each photodiode.



15 What is the height of a 6 mm CCD?
If each pixel is a square of 10 um side, how many pixels will a 6 mm CCD have?

16 A picture of a 10 m high tree is to be taken with a camera containing a 6 mm CCD. What is the
magnification of the camera if the tree just fits on the CCD?

17 (@) If 10'° photons enter the camera and land on the CCD of a 5 megapixel camera, how many
photons land on each photodiode?
(b) If the quantum efficiency is 70%, how many electrons are liberated in each photodiode?

18 If the rate of reading each pixel in the serial register is 5 MHz, how long will it take to read all the
pixelsin a 1 megapixel CCD?

19 A video camera takes 30 pictures per second. If rate of reading pixels is 5 MHz, how many pixels
can the camera have?

Resolution

Resolution of an image defines the amount of detail that an image contains. You
can see someone surfing in the first photo, but if the image is enlarged the person
is bigger but you can’t see much detail. This is because the resolution is not good
enough.

4 surfing scene taken on a 5 megapixel
camera and an enlarged view of the
surfer showing the limit of resolution.
The words on the arm of the wetsuit say
‘second skin'but the resolution is not
good enough for you to read them.

The final image quality is determined by a combination of magnification, size of
CCD and quantum efficiency.

< Figure 9.21 The letter S represented
b ixels and th |
V] --.‘ reyplezsz:teezabr; 1t70€;iir:Ise. o
Q N
) o0
et e

Magnification

If the final image is very small, then all the points will be very close together. This
means that it is possible for two points on the image to fall on the same photogate.
These will not be distinguishable on the final picture. A large CCD will mean that
the magnification can be greater, resulting in a higher resolution image.
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Quantum efficiency

If the quantum efficiency is low, then not all of the incident photons will be
recorded. This will result in a loss of detail, particularly in the dark areas. The
quantum efficiency is different for different colours, leading to some coloured
parts of objects appearing less bright.

Colour

A colour filter is fixed over the CCD in order to record colour. The pixels are
grouped in three for the primary colours (red, blue and green). These three can
be thought of as one pixel and they record the intensity of these three different
colours of light. From this information it is possible to calculate the colour of this
area of the image.

Video

A video digital camera also uses a CCD to turn the image into a digital signal. To
get a moving image, the camera must take around 30 pictures per second. This
means that the information from the CCD must be read very quickly. This limits
the number of pixels possible and will affect the resolution, as pixels are grouped
into three for a colour image. To achieve a high resolution colour image, three
CCDs are used, one for each colour. This is achieved by splitting the light beam
into three directions as it passes through the camera and passing each through a
different colour filter. Each CCD records a different colour and they are then put
together to make the final image.

Comparing digital photography with film

When digital photography was first introduced the quality of pictures was very
poor. This was due to the large size of the photodiodes compared to the grain size
of the photographic film. However, improvements in the CCD has meant that
the photodiode size is comparable to the grain size, resulting in images with high
resolution, similar to those achieved with a traditional camera. In fact, due to the
much better quantum efficiency of the CCD (70%) compared to film grains (2%)
the resolution can be much better.

The most obvious advantage of digital photography is the instant results; no more
waiting for photographs to return from the printers. Another advantage of using a
digital camera is that you can delete pictures that you don’t want to print or keep.
This could also be seen as a disadvantage, as the tendency is to delete all but the
best records, whereas the chances of a wider variety of photographs is more likely
from records of the past.

As with all digital signals, a big advantage of digital photography is the possibility
of being able to use a computer to manipulate the data. Using programs, such as
Adobe Photoshop, it is possible to change faces, remove buildings, and even see
what people will look like when they are old.

Other uses of CCDs

The main use for CCDs is in digital photography and video, however there are
many other possible applications.



X-ray machines

Since the photodiodes are sensitive to X-rays as well as light, they can be used

in X-ray machines, thus replacing the need for film that has to be processed. An
advantage of the digital image is that it can be sent to different parts of the hospital
and even enhanced with colour. If you have had an X-ray recently it may well have
been digital; however, the machine may have used a reusable phosphor plate that
has to be scanned by a reader rather than a CCD.

Astronomy

CCDs are now commonly attached to the eyepiece of telescopes to replace the
traditional film camera. This is particularly useful with remote telescopes, such as
the Hubble telescope that has to send its pictures to astronomers on the Earth. The
digital signal is rather easier to send than a roll of film. The CCD of a camera used
in astronomy must have high quantum efficiency.

One problem with using the CCD in applications where light intensity is very low
is that at normal room temperatures electrons can be excited by thermal energy.
This means that even if you take a picture with the lens cap on, some electrons will
be excited and the picture won’t be completely black. This is not a problem when
using the camera in normal daylight but can cause problems for astronomers.
However, there are two ways that this can be solved. One is to cool the CCDs down
to around —80 °C, and another is to remove this background light digitally. This
can be simply achieved by subtracting the data collected from a photograph taken
without light from the photograph of the stars.

A digital photograph from a telescope
alongside the same stars but with lower
quantum efficiency. The less bright stars
have disappeared.




Digital technology

Practice questions

1 The wavelength of light used in a CD reader is 600 nm (in plastic). The ‘depth” of a pit

must be:

A 150 nm
B 300 nm
C 450 nm
D 600nm

2 The binary equivalent of the number 11 is

A 1000
B 1100
c 10m1
D 1110

3 If'IB physics" were written in ASCII code the number of bits of information would be

A 9
B 10
c 72
D 80

4 The maximum number of voltage levels that can be converted into 3-bit binary are:

A 3
B 5
c 8
D 16

5 (a) Adigital camera contains a 3 mm X 3 mm CCD that has 9 megapixels. It is used
to take a picture of a 6 m high tree shown in the picture. The camera is focused
so that image of the tree just fits onto the CCD. On the tree are two red berries
separated by a distance of 2 cm. Show that the berries will be resolved in the
picture.

(b) When the CCD is exposed to the light from the tree, one of the pixels receives
5 X 102 photons. Each pixel has a quantum efficiency of 80% and a capacitance
of 45 pF.
(i) How many electrons will be liberated in this pixel?
(ii) What is the p.d. across this pixel?




6 A digital recorder samples 16 bits at a rate of 44 000 Hz.
(i) Explain what is meant by '16 bits at 44 000 Hz'".
(ii) If the recorder is used to record 5 minutes of music in stereo, how many bits of
information will be stored?

7 (a) The graph below shows an analogue signal.

6

p.d./V

2 4 6 8 10 12 14
time/ms

This signal is sampled at 500 Hz. Fill in the table below giving the voltage level and
equivalent 3-bit binary code each 2 ms.

Time/ms

Voltage level Binary

0

2

4
6
8

10
12

(b) Give one advantage of storing music in digital rather than analogue form.




@ Astrophysics option &

@ Introduction to the universe

Assessment statements

E.1.1  Outline the general structure of the solar system.

E.1.2 Distinguish between a stellar cluster and a constellation.

E.1.3 Define the light year.

E.1.4 Compare the relative distances between stars within a galaxy and
between galaxies, in terms of order of magnitude.

E.1.5 Describe the apparent motion of the stars/constellations over a period
of a night and over a period of a year, and explain these observations
in terms of the rotation and revolution of the Earth.

The view from here

We know that the stars have been of interest to mankind since the time when

we lived in caves; this interest probably arose from the fact that we could make
predictions based on things that happen in the sky. When the Sun comes up, it
gets light, and when it goes down, it gets dark. If people counted the sun-ups and
sundowns, they could predict when flowers would bloom and fruit ripen, and
from the position of the Moon they could calculate the tides. Since the largest
objects in the sky gave such good predictions, it was a small step to assume that
all the stars could be used to predict events too. Ancient civilizations were so
convinced about this that they built huge structures to aid their calculations and
called these bright bodies gods.

Stonehenge, built to predict when ’
eclipses would take place.

As people began to travel they would have noticed that the motion of these bodies
depended on where they were. At the equator, the Sun’s path does not change very
much from day to day, but close to the North and South Poles, the Sun doesn’t

go down in the summer but describes a big circle in the sky. In the winter, it isn’t




visible at all. The stars also have different paths; on the equator, stars come up at
90° to the horizon but at the poles they travel parallel to the horizon.

You might have noticed that although the stars move across the sky, their relative
position doesn’t change. If you join the dots, you can make the same patterns every v

day; you may know the name of some like
the Big Dipper or Orion. If you watch the
sky for several days you will notice that some
of the ‘stars’ don’t stay in the same place
(there are about six that you can see without
a telescope). They wander east and west.
This strange behaviour didn’t go unnoticed
by the ancient civilizations, which decided
that these must be gods — we now call them
planets.

When looking at the stars, it appears that
either they are rotating around the Earth or
the Earth is spinning. The ancients believed
in the first explanation but we now know it
is the second. The motion of the planets is
much more difficult to work out.

Explaining the movement

The path of stars in the northern
hemisphere.

The movements of the stars, Sun, planets and Moon through the sky are
complicated by the fact that the Earth, Moon and planets are all moving relative to
each other. So to simplify things we will take one at a time.

Movement of the stars

The movement of the stars is due to the
rotation of the Earth, but what you see depends
where on the Earth you stand. If you stand at
the North Pole in the middle of the winter you
get a very clear picture because the Sun doesn’t
rise — so you can see the stars all the time. You
would see the stars moving round in the same
way as you would see objects in your room
move if you sat on a spinning chair. Stars on
the horizon move horizontally, but if you look
up they make circles with the pole star in the
middle. If you time this rotation, you would
find that one complete revolution always takes
the same time, 23 hours 56 minutes. This is the
time period for the Earth’s rotation and it gives
us our first complication, as it’s not the same as
our day. This is because the length of a day is
based on the Sun not the stars. The effect is that
if you note where the stars are at 12:00 each
day they will have moved a little bit further
forward. This is illustrated in Figure 10.1.

w
—_>
Apparent motion of star

—

sition at 11:56

Position at 12:00 ! Position at 12:00
Day 1 Day 2

Po
i

Day 1 Day 2

A
Figure 10.1 The position of an observer on the Earth is slightly different
from one day to the next, causing the stars to move slightly to the west
each day. East and west are confusing but if you find your country on the

map then think how it would appear from there.
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To access some simulations
showing positions of stars and the
Sun, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblinks 10.1 and 10.2.

Figure 10.2 The axis of rotation of the | 2

Earth's rotation and its orbit around the
Sun are not the same. This is why during

the winter in Europe it appears more

towards the south than in the summer.

A
Figure 10.3 The precession of the
Earth’s axis.

To see an animated version of the
planetary motion, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 10.3.

@)

If time for the Earth to rotate through 360° is 23 hours and 56 minutes, in
4 minutes it will rotate through 1°. This means that in 360 days you will be looking
at the stars in the same position.

The movement of the Sun

As the Earth spins on its own axis, it is also rotating around the Sun. This doesn’t
affect the position of the stars because this movement is very small compared to
the distance to the stars, but it does affect when we can see them. If the axes of the
Earth and the Sun were the same, then the Sun would simply appear and disappear
at the same place every day, as the stars do. The time at which it appeared would
be slightly different due to the fact that we are moving around the Sun at the same
time as we rotate on our axis. But the two axes of rotation are different, causing
the Sun to move in a north-south direction from day to day, as illustrated in
Figure 10.2. Note in this diagram the pole star would be a long way above the top
of the diagram; this and the other stars are our fixed reference positions.

axis of rotation of Earth
around the Sun

northern winter

axis of rotation of
Earth

southern winter

Precession

The Earth is not a perfect sphere; it’s squashed so that it is fatter round the equator
than at the poles. This means that when it is in one of the positions shown in
Figure 10.2, the force of gravity exerted by the Sun on the Earth will cause a
turning effect, pulling the axis of rotation slightly out of line. This effect is called
precession and it causes the axis to rotate as shown in Figure 10.3. This makes all
the stars, including the pole star, appear to move. However, since the period of
rotation is 26 000 years, it is not very noticeable.

Movement of the planets

The planets also orbit the Sun. This is very simple to understand when visualizing
the solar system from a great distance, but not so easy to picture when standing on
the Earth. From the Earth we see the planets wandering back and forth from one
night to the next, sometimes moving east and sometimes west; this is why they
were given the name planet, from the Greek for wanderer. Figure 10.4 illustrates
how this motion can be the result of planets orbiting the Sun.

To further complicate matters, the planet orbits are not in exactly the same plane
as the Earth’s, resulting in a north-south movement when viewed from Earth.



Where planet appears to
be in relation to stars

(4]

A
Figure 10.4 A planet orbiting more
slowly than the Earth would sometimes
appear to advance and sometimes fall
The Moon behind when viewed from Earth.

The Moon orbits the Earth once every 27.3 days, causing it to appear at different
times each day. The Moon is not only seen at night, but sometimes appears ghostlike
in the daytime sky. When the Moon is in front of the Sun, an eclipse takes place.

4 A partial eclipse of the Sun.

The solar system

The solar system is the name given to everything that orbits the Sun, including the
planets and their moons, asteroids and comets.

When modelling gravity, we treated orbits as circular for simplicity, but
in fact, the planets have slightly elliptical orbits. An ellipse is a flattened
circle with two centres; one of these centres is the Sun. We know that for

a satellite to have a circular orbit at a given radius, it must have a very :
specific velocity. If it goes faster, its orbit will be elliptical or hyperbolic. AN

The solar system was formed from a spinning cloud of dust. The dust clumped
together to form planets and asteroids that we see today. It would have been very
unlikely for those clumps to have exactly the right speed for circular orbits, so they
are ellipses. In an elliptical orbit, the distance between the planet and the Sun is
not constant; this means that its PE is not constant. As it moves away, its PE will
increase. Since energy must be conserved, this means that the KE of the planet
must decrease, resulting in a change of speed.

Figure 10.5 Drawing an ellipse with
pins and a piece of string.
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The planets

On August 24th, 2006 the International Astronomical Union (IAU) declared the
official definition of a planet:

A'planet’is a celestial body that (a) is in orbit around the Sun, (b) has
sufficient mass for its self-gravity to overcome rigid body forces so that it
assumes a hydrostatic equilibrium (nearly round) shape, and (c) has cleared
the neighbourhood around its orbit.

There are 8 planets in orbit around the Sun. Each planet has a different radius,
time period and size.

Their order in terms of distance from the Sun is:

Planet Orbit radius (m) Mass (kg) Radius (m) Period
Mercury 5.79 X 100 3.3 X 10% 2.44 X 108 88.0 days
Venus 1.08 x 10" 4.87 x 10% 6.05 x 10° 224.7 days
Earth 1.50 x 10" 5.98 x 1024 6.38 X 10° 365.3 days
Mars 2.28 x 10" 6.42 x 1073 3.40 X 108 687.0 days
Jupiter 7.78 x 10" 1.90 x 10 6.91 x 107 11.86 years
Saturn 1.43 X 10" 5.69 x 10% 6.03 x 107 29.42 years
Uranus 2.88 x 10" 8.66 X 10%° 2.56 X 107 83.75 years
Neptune 4.50 X 10'? 1.03 X 10%° 2.48 x 107 163.7 years

The relative sizes of each are illustrated in the photo.

The planets and the Sun drawn to scale ’
(the size is to scale, not the orbit).

There are also over 40 dwarf planets of which Pluto is one. The reason Pluto is not
a planet is because it does not dominate its neighbourhood; in fact Pluto is only
twice as big as its moon Charon.

1 Using your knowledge of gravity, calculate the period of the planets from their radius (assume
the orbits are circular). You could do this in a spreadsheet for convenience.




Asteroids

Between the orbits of Mars and Jupiter there are billions of smaller orbiting bodies
called asteroids (as seen in the photo above). These range from the size of dust
particles to several hundred kilometres in radius.

Comets

A comet is also a small orbiting body, but unlike an asteroid it is made up of loose
particles of ice and rock that are blown off by the solar wind, forming a tail. One
of the most famous comets, Halley’s comet, has a period of 76 years and a very
elongated orbit. Other comets have hyperbolic orbits, passing only once.

Beyond the solar system

The reason we can see the planets is not because they give out light, but because

they reflect the light from the Sun. There are certainly countless other cold bodies

(big and small) as we go beyond the solar system, but we can’t see them since they A

are too far away. All the other objects we see in the sky must therefore give out Halley's comet photographed in 1986.
light, and these are the stars.

.
Stars . Different cultures developed
Stars come in all shapes, sizes and colours and have names to match, such as white different systems for defining the
dwarf, red giant and supernova. They are massive balls of plasma (a gas in which different patterns in the stars.
T R ) The Greeks had the 12 signs of the
the particles are moving so fast that the electrons have all been knocked off the el it Ehiinese 28 ae e
atoms and move about freely). Since they are the bodies that we can see best they Indians 27 Nakshatra.

are the ones that we know most about; most of this chapter will be about stars.

Constellations

Constellations are the results of ancient civilisations playing ‘join the dots’ with the
stars. The stars are not related by anything physical except maybe that they are all
bright.

Stellar cluster

A stellar cluster is a group of stars that are physically close together rather than
looking as though they are. These are formed by the collapse of a gas cloud.

O Units of length

Astronomical unit AU
1TAU=15X10"m
This is the distance between the Sun and the Earth.

Light year (ly)
1 light year = 946 X 10">m
This is equal to the distance travelled by light in one year.

Parsec (pc)
1 parsec = 3.26ly
This is defined by making a triangle between the Earth, the Sun and a distant object . If the
angle at the distant object is | arcsec then it would be 1 parsec away. More about this later. A
The Orion constellation —a man with
. big shoulders and a small head? The
Galaxies three stars in the middle are supposed

A galaxy is a large collection of stars held together by gravity. A galaxy can contain efostalosls

trillions of stars and are between 10° and 10°light years across. Each star is
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approximately 1ly apart and the galaxies are about 10°ly apart. The relative sizes
are illustrated in Figure 10.6.

Figure 10.6 The distance between > 106 ly
galaxies is about 10X their size. The

stars are typically 1 ly apart. =5 ==
<10 ly~>

We belong to a galaxy called the Milky Way. If you look into the sky at night you
can see a vague stripe where the stars are a bit denser; this is the Milky Way. The
shape of our galaxy is a flat spiral, like the ones in Figure 10.6, and we live near to
the edge. The stripe in the sky is the cross-section of the spiral. Other galaxies can
be round, lens shaped or irregular.

The Milky Way galaxy. ’

You are here

2 Thedistance to the nearest star is 4 X 10'* km. What is this in light years?

3 How long does it take light to travel from the Sun to the Earth?

: : =
Figure 10.6 The Milky Way showing 4 How long would it take for a rocket travelling at 30 000 km h~" to travel to the nearest star from

?
the position of the Sun. e St

Stellar radiation and stellar types
Energy source of the stars

Assessment statements

E.2.1 State that fusion is the main energy source of stars.

E.2.2 Explain that, in a stable star (for example, our Sun), there is an
equilibrium between radiation pressure and gravitational pressure.




The closest star to us is the Sun so this is the star we know most about. By
calculating the amount of energy that the Sun releases and knowing the size and
mass of the Sun, it is possible to work out the temperature of the inside. We find
that the conditions inside are just right for the fusion of nuclei to be the source

of energy. On the Sun it is the fusion of hydrogen into helium that provides the
energy, but this isn’t the same for all stars. This reaction takes place inside the Sun
so it is difficult to obtain direct evidence that fusion is taking place. However, we
know that this reaction produces neutrinos and that they would pass through the
outer layers of the Sun and travel to the Earth. Neutrinos are difficult to detect but
are present in the radiation from the Sun.

The proton-proton chain

The fusion process taking place on the Sun is called the proton-proton chain. It is
not possible to simply join two protons and two neutrons together to form helium,
because momentum and energy cannot be conserved in this process. The chain of
events to get from 4 hydrogens to 1 helium is shown in Figure 10.7

H
H B+ v ®

® N %
| § = @ m—p @ =—p 6§

The neutrino problem

For many years the number of
neutrinos detected on Earth did
not match the number predicted.
This was resolved by Masatoshi
Koshiba and Raymond Davis
Jr.who in 2002, shared half of
the physics Nobel prize for their
work. The discrepancy was due
to neutrinos changing their type,
showing that neutrinos must have
mass.

4 Figure 10.7 The proton-proton chain.
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This is a complicated reaction but can be summarized in the following equation:
41H = jHe + 2¢" + 2v, + 2y

This reaction releases energy due to the fact that the mass of the products is less
than the mass of the original hydrogen nuclei; this mass is converted to energy as
explained in Chapter 7. The amount of energy per reaction is 26.7 MeV.

Stable stars

The Sun is a stable star. This means that it isn’t getting bigger or smaller. The mass
of the Sun is so large that the gravitational force experienced by the outer layers is
very big; this alone would cause the Sun to collapse. The reason it doesn’t collapse
is due to the continual production of energy from the fusion reaction in its core.
This gives the particles KE causing a pressure (radiation pressure) that pushes back
against gravity. We can compare this to a balloon; the rubber of the balloon pushes
in and the gas pressure pushes out. A balloon doesn’t need a source of energy
because its temperature is the same as the surroundings but if it lost heat, the
inside pressure would drop and the balloon would shrink. Since the Sun is losing
energy all the time, it needs a source of energy to remain stable.
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@ Light from stars

Assessment statements

E.2.3 Define the luminosity of a star.

E.2.4 Define apparent brightness and state how it is measured.

E.2.5 Apply the Stefan—-Boltzmann law to compare the luminosities of
different stars.

E.2.6 State Wien's (displacement) law and apply it to explain the connection
between the colour and temperature of stars.

E.2.7 Explain how atomic spectra may be used to deduce chemical and
physical data for stars.

E.2.8 Describe the overall classification system of spectral classes.

Early measurement 6 The reason we can see stars is that they give out light. By measuring this light
Before techniques had been
invented for measuring brightness,
it was estimated with the naked
eye on a scale from 1 to 6. The

we can gain a lot of information about the temperature, size and chemical
composition of the star.

brightest stars were 1 and the ones Luminosity (L)

that you could only just see were 6. The luminosity of a star is defined as:

This would be dependent on how

good your eyesight was. the total amount of energy emitted by the star per second.

The unit is the watt.

The luminosity depends upon the temperature of the star and its size. If two
different size stars have the same temperature, the bigger one will give out more
energy than the small one.

The Sun has a luminosity (Lg)of 3.839 X 10%° W, and a star’s luminosity is
sometimes quoted as a fraction or multiple of this.

Apparent brightness (b)

If you look into the sky at night, you will see that some stars are bright and some
Figure 10.8 As the light travels away dim. The brightness depends on how much light is entering your eye, and this
from the star, the energy is spread over depends upon how much light the star gives out (its luminosity) and how far away
abigger area. it is. If you look at two identical stars, one close and the other far, the closer one
v looks brighter because the light hasn’t spread out so much. This is illustrated in
Figure 10.8. The definition of apparent brightness is:

the amount of energy per second received per unit area.

surface area = 4nd? .. _
The unitis Wm™2.

The apparent brightness is related to the luminosity by the equation

_ L
b_477'd2

where d = the distance to the star.

To calculate the star’s brightness, we must measure the energy
per unit second absorbed by a detector placed perpendicular to
the direction of the star. This can be done by using a telescope to
focus an image of the star onto the CCD plate of a digital camera.




From the p.d. across each affected photodiode it is possible to calculate how much
energy per square metre is incident at the Earth.

5 The luminosity of the Sun is 3.839 x 10?W and its distance from the Earth is 1.5 X 10" m.
Calculate its
(a) apparent brightness
(b) brightness at a distance of 10 pc.

6 Sirius, the brightest star, has a luminosity 25 times greater than the Sun and is 8.61 light years
from the Earth. Calculate
(a) its apparent brightness
(b) its brightness at a distance of 10 pc.

7 Ifthe luminosity of a star is 5.0 X 103" W and its apparent brightness is 1.4 X 10-°Wm™2,
calculate its distance from the Earth in ly.

Black body radiation

A hot body emits light due to electron energy transitions. If the temperature is
increased, the amount of energy available increases, so the electrons can gain more
energy and move into higher energy levels. The result is that not only are more
photons released, but their average energy is greater. Since E = hf, higher energy
means higher frequency or shorter wavelength. This changes the spectrum of light
as illustrated in Figure 10.9.

intensity
/W m~2 T=5500K
T = 4500K
T = 4000K
T=3500K
0 1 1 1
0 500 1000 1500 2000
A/nm

We can think of this as a bar chart, with each bar representing the intensity of
radiation at different wavelengths. The total intensity is therefore the sum of all
the bars, which is the area under the curve. This can be found using the Stefan-
Boltzmann law

power per unit area = ¢’ T*

where o = 5.6 X 1078 W m ™2 K4 (the Stefan-Boltzmann constant).

If a star has a surface area A and temperature T then the total power emitted (the
luminosity), L is given by:
L= cAT*

The Sun ©

© is used as the symbol for the Sun
S0 Mg is the mass of the Sun

Le is the luminosity of the Sun.

4 Figure 10.9 The intensity distribution
for bodies of different temperature, the
spectrum indicates where the visible
region lies on the scale.

Black body

A black body absorbs all
wavelengths of light and reflects
none. It is also a perfect emitter of
radiation. Stars are approximately
black body radiators.
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We can see from the graph that as the temperature increases, the wavelength of the
peak gets less. The relationship between the peak wavelength and temperature is
given by the Wien displacement law

_ 290 X 10°km

/\max - T

Worked example

The maximum in the black body spectrum of the light emitted from the Sun is at
480 nm. Calculate the temperature of the Sun and the power emitted per square
metre.

Solution
Using Wien’s law

_2.90 X 107°
T

_29X%107° _ 29X 1073
Ammax 480 X 1079

Amax

T = 6000 K

Now using the Stefan-Boltzmann law

Power per unit area = 5.6 X 1078 X (6000)* = 7.3 X 10’ W m2
If the radius of the Sun is 7.0 X 108 m, what is the luminosity?
The surface area of the Sun = 4712 = 6.2 X 10¥ m?

The total power radiated = 6.2 X 10'8 X 7.3 X 107 = 4.5 X 10*W

8 The star Betelgeuse has a radius of 3.1 X 10" m and a surface temperature of 2800 K. Find its
luminosity.

9 Theintensity peak in a star's spectrum occurs at 400 nm. Calculate
(@) its surface temperature
(b) the power radiated per square metre.

Energy/eVa
0.00 —
054 —— Stellar spectra
—0. 5 —
~157 —non We have seen that a star emits a continuous spectrum of electromagnetic radiation
with a peak in intensity that is dependent on its temperature. As this light passes
—339}—+ through the outer layers of the star some of it is absorbed.
Absorption spectra
You might remember from Chapter 7 that the electrons in atoms only exist in a
certain energy level. That means that when they are excited they give light that
has discrete wavelengths, resulting in a line spectrum. If white light is passed
through the same gas, these same wavelengths are absorbed, leaving dark lines in
—13.58 —— the otherwise continuous white light spectra. This is what happens when the black
A body radiation from the star passes through the outer layers. Since the lines are
Figure 10.10 The energy levels of different for each element, it is possible to determine which elements are present
hydrogen.

by analysing the lines.



| < Figure 10.11 The spectrum of a star

In addition it is possible to calculate the temperature of the gas; let us take
hydrogen as an example (see Figure 10.10). When the gas is hot, most of the
electrons will already be in the higher energy levels, so when they absorb radiation
they cannot make the biggest jump (from —13.58 to 0.00) this means that the
higher energy photons will not be absorbed. This results in a weak absorption line
for that wavelength. Careful analysis of the relative strength of spectral lines is an
accurate way of determining star temperature.

Spectral classification of stars

We have seen that the spectrum of a star is related to its temperature and chemical
composition. It also determines its colour: if the peak is at the blue end, it will be
blue, and if at the red end then it will be red. The Harvard classification classifies
stars according to their colour, with each class assigned a letter OBAFGKM, as
shown in the table below.

Class Temperature Colour
0 30000-60 000 Blue
B 10000-30 000 Blue-white
A 7500-10000 White
F 6000-7500 Yellow—white
G 5000-6000 Yellow
K 3500-5000 Orange
M 2000-3500 Red
Doppler shift

The apparent frequency of a light source is dependent on the relative motion of
source and observer. If they move towards each other, the wavelength is reduced
and if they move apart it is increased. This is the Doppler effect. If a star is moving
relative to the Earth, its whole spectrum will shift. This can be recognized by

showing clear absorption lines for
hydrogen.

® Hint: Oh Be A Fine Girl Kiss Me

(or guy or gorilla if you prefer)

is a common way of remembering this
unusual sequence.

4 The spectra and star colour for different
stars starting with O at the top ending
with M at the bottom (the extra ones
are sub categories). Notice the varying
strength of the hydrogen absorption
lines.

[tisn't just the hydrogen lines that
shift — it's the whole spectrum. But
the continuous part appears the
same. It's only because we know
that the dark lines were produced
by hydrogen that we can tell that
their wavelength has changed.
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Figure 10.12 The spectra from 3 }
identical stars, one stationary and two
moving relative to the Earth.

measuring the position of the characteristic absorption lines of, for example,
hydrogen.

Red shift —longer A — star moving away.

Blue shift — shorter A — star moving closer.

Normal spectrum

Red shift

@ Types of star

Figure 10.13 A Hertzsprung—Russell >
diagram. The white dot is the

approximate position of the Sun. Notice
that temperature increases to the left

and the scales are not linear.

In physics we often draw line
graphs showing the relationship
between two quantities. An HR
diagram isn't a line graph but

a chart. Each dot represents a
different star, but it would be
meaningless to draw a best fit line.

O

Assessment statements

E.2.11 Identify the general regions of star types on a Hertzsprung—Russell (HR)
diagram.
E.2.9 Describe the different types of star.

E.2.10 Discuss the characteristics of spectroscopic and eclipsing binary stars.

The Hertzsprung-Russell diagram

If you know the temperature of a star and want to calculate its luminosity, you
would have to know how big it was, as a small hot star could give out the same
amount of energy per second as a big cool one. If you plotted the luminosity

and temperature of all the stars on a chart, you'd probably expect the chart to be
covered in dots, since you would expect to find every type of star somewhere in the
universe, small hot, big hot, small cool etc. When Ejnar Hertzsprung plotted this
chart in 1905 he found that this was not the case, as shown in Figure 10.13.

From this, we can see, for example, that there are very few small hot stars and that
most stars exist on a band down the middle. This pattern is related to the way stars
evolve and leads to a classification of the stars into four groups.

10°L
.s..o . oo
. : . . supergiant.s:-
104L@- '}..::. . Sl a IR . .
. .:%
2102L o - e
8
£
€
=2 1 LO-
1 072 L@ T ® . a
white dwarfs *
1074L® T B T A T

60000K 30000K 10000K 7500K 6000K 5000K 3500K
spectral class



Main sequence stars

90% of the stars we see at night are in the diagonal band crossing the centre of the
diagram from hot and large on the left to small and cool on the right. These are
called the main sequence stars, of which the Sun is one.

Giants

A cool star that gives out a lot of energy must be very big, so these are called giants.
The coolest M class stars are called red giants due to their colour. The luminosity
of a giant is about 100 times bigger than the Sun. If they are the same temperature
as the Sun, they must have an area 100 times bigger, therefore a radius 10 times
bigger. If their temperature is lower they can be even bigger.

Supergiants

A supergiant is a very big cool star. With luminosities 10° times greater than the
Sun, they have radii up to 1000 times that of the Sun. These are very rare stars but
one is very easy to spot: Betelgeuse is the right shoulder of Orion and you can see
it in the photo on page 337.

White dwarfs

A white dwarf is a small hot star, hotter than the Sun but only the size of the Earth.
They have a low luminosity so aren’t possible to see without a telescope.

Variable stars

A variable star has a changing luminosity, so its position on the HR diagram is
not constant. This is due to a change in size of the star. As it gets bigger so its
luminosity increases. This variation is sometimes cyclic as in a Cepheid variable.

Calculating the mass of a star

Binary stars are pairs of stars that orbit each other. There are many of these in
universe and they enable the astrophysicist to calculate the star’s mass.

Remember for a satellite in a circular orbit

= mw’r

GMm
r2

. 2
So if we measure w

7) and r, we can calculate M. This can

time period

be applied when the orbiting star is much smaller than the central star. - -
Figure 10.14 shows how the orbits would be with different relative ~

masses. If you imagine the stars to be stuck on the ends of a stick it

might help you to visualize the different paths. eoe

When the masses are similar, the time period is given by the formula

T2 — 47T2d3
G(M, + M,)

where (M, + M,) is the total mass and d is their separation.

By comparing the mass of these stars to their luminosity, we find
L o« M35 s0 if we know any star’s luminosity, we can find its mass. Figure 10.14
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Visual binaries

These are pairs of stars that can be seen to rotate around each other; in this case it
is simply a case of measuring the time period and radius directly. Other examples
are too far away or too small to resolve the individual stars; we only know they are

binaries due to fluctuations in the light we receive.
Figure 10.15 The variation in apparent

brightness for an eclipsing binary. The
graph is called a light curve. Notice

how the drop in brightness is bigger If the orientation of binary stars orbit causes them to periodically pass between
e e 1255 Bvig it siar s lelod g i the Earth and each other then they eclipse each other. When this happens it causes
bright one. a reduction in the stars apparent brightness, as shown in Figure 10.15.

| N o

«— > time
time to cross star

Eclipsing binary

brightness

% orbital time period

To see how the light curve is

|
related to the stars, visit Im

From the light curve it is possible to get information about the orbital period
and the relative size of the stars. Spectral analysis of the light from each star
passing through the atmosphere of the other can also give information about the
atmosphere of the two stars.

www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 10.4.

To see how the spectrum is related SpeCtrOSCOPIC blnary

-
to the stars, visit E As the binary stars in Figure 10.16 orbit each other, they are sometimes moving
www.heinemann.co.uk/hotlinks, I towards the Earth and sometimes away. This will cause a varying Doppler shift in

ter th de 4426P and . . . .
cer e sxpress cote o the light received on the Earth as shown in Figure 10.16.
click on Weblink 10.5.

the Earth 1 1
| |
_:l

Norral Normal Nor!

spectrum ' ' spectrum ; spectrum '
siue shit [T Normal —:l rectsnit. T
i . spectrum ! :
A

Figure 10.16 The Doppler shift for a binary star at different positions. In this
example the yellow star is the only one considered since it is much brighter. If they
have equal brightness then both red shift and blue shift occur resulting in two lines.



10 With reference to the HR diagram classify the following stars:
(@) Luminosity = Lo/100, temperature = 30000 K
(b) Luminosity = 100 Lg, temperature = 5000 K
(c) Luminosity = 10000 Le, temperature = 30 000 K

11 With reference to the light curve for binary stars shown in Figure 10.17, calculate the orbital
period. What can you deduce about the orbital radius compared to the size of the stars?

brightness 4

0 5 10 time (hours)

Figure 10.17

@ Stellar distances

Assessment statements
E.3.1 Define the parsec.
E.3.2 Describe the stellar parallax method of determining the distance to a
star. A
E.3.3 Explain why the method of stellar parallax is limited to measuring
stellar distances less than several hundred parsecs.

E.3.4 Solve problems involving stellar parallax. A
Figure 10.18 A star is viewed at a
different angle from two positions. A
very distant star would be in the same

Q. mmmmmmmmm e e e e o=

Stellar parallax place.
The distance to a point object can be found by measuring the angle between rays :Eg 5 E 5
from the object to two fixed points. For example, in Figure 10.18, the distance 3" 37
to the star can be found by measuring the angle the telescope is rotated through
when it is moved from A to B. The distance D is very large so this angle will be
very small; to make it measurable the distance d must be as big as possible, so
rather than moving the telescope on the Earth, the movement of the Earth itself is
used. The telescope is lined up with the star on one day then again half a year later v D
when the Earth is on the other side of the Sun. To measure the angle, there must
be a reference line; in this case we use stars that are so distant that light from them
is parallel. This is shown in Figure 10.19.
Since the angle subtended at the star, 26 is small

260 = Z%U (in radians) o o

E E
D= 1AY Figure 10.19 P> <~ TAU—><TAU—>
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Second

One degree can be split up into 60
arc minutes and each arc minute
into 60 arc seconds, so there are
3600 arc seconds in one degree.

In radians 1 arc second is therefore
(250) X (5)

To help understanding of stellar
parallax, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 10.6.

Wien's law

290 X 1073
)‘max = f

O

The parsec

The parsec is defined in terms of the angle subtended at the star.

If the distance to a star is 1 pc, the angle subtended, 6 will be 1 second. This makes
1
the angle in seconds

calculations much easier since the distance in pc is simply

Worked example

The smallest angle that can be measured between light rays that arrive at the
surface of the Earth is 0.01 arc second. What is the distance to a star that subtends
this angle?

Solution
_ 1 _
D= 0.01 100 pc

12 If the angle subtended by a star is 1 arc sec what is the distance to the star in metres?
13 Calculate the angle subtended by a star that is 5 pc from the Earth.

14 A star subtends an angle of 0.15 arc sec to the Earth. Calculate its distance.

Spectroscopic parallax

Assessment statements

E.3.9 State that the luminosity of a star may be estimated from its spectrum.
E.3.10 Explain how stellar distance may be determined using apparent
brightness and luminosity.

State that the method of spectroscopic parallax is limited to measuring
stellar distances less than about 10 Mpc.

Solve problems involving stellar distances, apparent brightness and
luminosity.

E.3.11

E.3.12

Due to bending of the light by the atmosphere, it is not possible to measure angles
smaller than 0.01 arc sec on the Earth. This means that distances greater than

100 pc cannot be measured. Satellite telescopes are better since they are out of the
atmosphere; they can resolve angles as small as 0.001 arc sec, extending the range
to 1000 pc. Beyond this, other methods must be used one of which utilizes the HR
diagram to find the luminosity of the star.

Finding the luminosity using the HR diagram

By measuring the spectra of a star we can determine the most intense wavelength
of light emitted. Then using Wien’s law, it is possible to calculate the temperature
of the star. Now assuming the star is a main sequence star we can use the HR
diagram to find its luminosity.



10°L ¢ . < Figure 10.20 The H-R diagram.
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If we now measure the apparent brightness of the star we can use the inverse
square law to calculate its distance from the Earth.

Worked example

The maximum wavelength of a distant star is measured to be 600 nm and its
apparent brightness is 1.0 X 1072 W m™2 . What is its distance from the Earth?

Solution
First we can use Wien’s law to find the star’s temperature.
_290x10°
)‘max - T
L 2.90 X 1073
R =———————-=4800K
earranging gives 500 X 10=°

Using the HR diagram we can deduce that if this is a main sequence star, its
luminosity is 1 Ly = 3.84 X 102°'W

The apparent brightness (b) of a star is related to the luminosity by the equation

_ L
b_47rd2

where d is the distance from the Earth.

3.84 X 10
= 5, X 18
d= V /477'><10><10 7 = 5> X 107m

= 584ly

15 The spectrum of a main sequence star has maximum intensity at 400 nm and an apparent
brightness of 0.5 X 107?Wm~2
(a) Use Wien's law to find the temperature of the star.
(b) Use the HR diagram to find the luminosity of the star.
(c) Calculate the distance from the star to the Earth.

Rearranging this gives
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Cepheid variables

Assessment statements

E.3.13 Outline the nature of a Cepheid variable.

E.3.14 State the relationship between period and absolute magnitude for
Cepheid variables.

E.3.15 Explain how Cepheid variables may be used as ‘standard candles’.

E.3.16 Determine the distance to a Cepheid variable using the luminosity—
period relationship.

For stars further than 10 Mpc the amount of light received is too small to
accurately determine their temperature. In this case an alternative method is used
that involves measuring the time period of a flashing star.

A Cepheid variable is an unstable star that undergoes periodic expansions and
contractions, leading to a periodic change in the apparent brightness of the star, as
viewed from Earth. This can be represented graphically, as shown in Figure 10.21.

Figure 10.21 The variation of > brightness
brightness with time for a Cepheid

variable. Note how the increase in

brightness is faster than the decrease.

The star is brightest when it is biggest.

time
Standard candle O
If you know the luminosity of a

candle you can use it to measure

distance. The further away it is

There are many Cepheid variables close enough to the Earth for us to use
the stellar parallax method to find their distance. If we then measure their

e dlirmer i hedsmes, Singe fhe apparent brightness (b) it is possible to calculate their luminosity (L) using
luminosity of Cepheid variables the equation

is known they can be used in the L

same way so are termed ‘standard T 4md?

candles

If the luminosity and period are plotted on a graph, we find that they are directly
related as shown in Figure 10.22.

Figure 10.22 The luminosity—period | 4 10° -
relationship for a Cepheid variable. Note
the logarithmic scales.
= 10%
2
8
£
IS
= 1034
102 T T 1
1 10 100 1000

period/days

This is very useful because it means that if we know the star’s period, we can
use the graph to find its luminosity. Once we know the luminosity, we use the
equation above to find its distance from the Earth.




Worked example

The period of a Cepheid variable is 10 days and its brightness 1.0 X 107'"W m™2.
How far is it from the Earth?

Solution

Using the graph in Figure 10.22, the luminosity of a Cepheid variable with period
10 days is 3000 L. The luminosity of the Sun is 3.839 X 10%°W, so this star has
luminosity 3000 X 3.84 X 10%° = 1.15 X 10%¥W

Rearranging - _L
47d?
. L 1.15 X 10%
gives d:’/m:\/zlwx1.0X10*1°:3'0X1019m
= 3200ly

16 A Cepheid variable has period 20 days and brightness 8.0 X 10~'°W m~2. Calculate
(a) its luminosity
(b) its distance from the Earth.

@ Magnitude

Assessment statements

E.3.5 Describe the apparent magnitude scale.

E.3.6 Define absolute magnitude.

E.3.7 Solve problems involving apparent magnitude, absolute magnitude
and distance.

E.3.8 Solve problems involving apparent brightness and apparent
magnitude.

The idea of classifying stars according to their brightness originated in ancient
Greece two thousand years ago. Since they didn’t have any measuring devices the
scale was based on how bright the stars appeared to the naked eye. The brightest
star was given magnitude +1 and the dimmest +6. In the original scale, a
magnitude + 1 was twice as bright as a +2 and a +2 twice as bright as a +3 etc.
So the difference between a +1 and a +6 was 3 X $ X 1 X 1 X 1 = & However
they didn’t have any way of measuring the brightness, so it was not very accurate.

Apparent magnitude (m)

The modern scale uses the same 1 to 6 designation for the stars visible with the
naked eye, but is adjusted to be more in line with the measured values. When
measured it is found that the brightest stars are about 100 times brighter than the
dimmest (not 32 as in the Greek scale). So the scale was set so that a +1 was 100
times brighter than a +6. Starting from the dimmest each step in magnitude is

Logarithmic scales

A logarithmic scale is one in which
each division represents a multiple
of some value rather than the sum.
For example in Figure 10.22, each
division is a multiple of 10 (10, 100,
1000). The magnitude scale is also
logarithmic but this time the scale
rises in multiples of 2.512.
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Limits O

The dimmest star you can see with
the naked eye ism = 6.

With a pair of binoculars m = 10.
A large telescope m = 20.

A large telescope used to take a
photograph m = 25.

Magnitude O O

The brightest star is Sirius with
m = —147.Vegahasm =0
with an apparent brightness of
232X 1078Wm™2.

@ Hint: Using logs

To calculate 2.512'°¢ enter 2512 into
your calculator, find the log then
multiply by 1.58.The answer is 10 of this
number.

therefore 2.512 times brighter than the previous (not twice as in the Greek scale).
So the difference between a +1 and +6 is (333)° = 1ig-

The apparent magnitudes of a variety of stars and planets is given in the table.

Object Apparent magnitude
Sun —26.8
Full Moon -12.5
Venus (brightest) —-4.4
Venus (dimmest) —-2.7
Sirius —1.47
Vega 0.04
Betelgeuse 0.41
Polaris 1.99
Pluto 15.1

From this list we can work out how much brighter different stars are than each
other.

We have seen that if the apparent brightness of a star is b, and its apparent
ﬁ times less bright than a star of apparent
magnitude 0 and brightness b;. In other words:

magnitude is 7, then it will be

b, 1

B, 251 2T

Likewise for a second star of brightness b, and apparent magnitude 1,

b s12mm
bo ’
So the ratio of the brightnesses

b _25127m

T 2512 ™
b s12mm
A=, 2
b, ‘

Worked example

Polaris has apparent magnitude 1.99 and Betelgeuse 0.41. How much brighter is
Betelgeuse than Polaris?
Solution

Prsts _ S 15199-001 g 51205 = 4.3

b Polaris

So Betelgeuse is 4.3 times brighter then Polaris.
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The apparent magnitude of a star
is a measure of its brightness as
viewed from the Earth.

17 Use the values in the table above to calculate how many times brighter Sirius is than Vega.

18 If the brightness of a star of apparent magnitude 0 is 2.52 X 10~8W m~2 what is the brightness
of Polaris? The absolute magnitude is a
measure of luminosity.
19 Calculate the apparent magnitude of a star with brightness 1 X 10 ='W m~2 if the brightness of
a star of magnitude 0 is 2.52 X 107 8Wm™2

20 How much brighter is an m = 1 star than an m = 25?

Absolute magnitude (M)

The apparent magnitude of a star depends on how far it is from the Earth. The
absolute magnitude is the magnitude of a star viewed from a distance of 10 pc, this
is more useful when comparing stars.

O Since absolute magnitude is
directly related to the star’s

luminosity, the HR diagram can be
plotted with M on the vertical axis,

If M is the magnitude of a star at 10 pc and 1 is its magnitude from the Earth then 4 .
instead of luminosity.

b(on Earth) Mem
5(10 po) =2.512
. . . 1
But we know that the brightness is proportional to Jistance?
b(on Earth) _ 102 _ (&)2
50 b(10pc) 4 \d
2
therefore (E) = 2.512M"m
d
T . 10\ _ (rf
aking logs: 210g(7) = (M — m)log2.512
Rearranging gives
M=m-— 510g(1—%)

Or if we make d the subject
m—M

d =10><10< 5 )pc

So given the absolute and apparent magnitudes of stars we can calculate their
distance from the Earth.

Apparent magnitude Absolute magnitude
Star

(m) (M)
Sun —26.8 +4.8
Sirius —1.47 +1.4
Vega +0.04 +0.5
Betelgeuse +0.41 -5.14
Polaris +1.99 —-3.6
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Worked example

Sirius has an apparent magnitude of —1.47 and an absolute magnitude of +1.4.
Calculate the distance between Sirius and the Earth.

Solution
Using the formula

m— M

d=10><10( 5 )pc

—147—-14

d=10x10 5 )pc

d=2.7pc

21 Use the table of M and m to calculate the distance from the Earth to
(a) Sun
(b) Vega
(c) Betelgeuse
(d) Polaris

Stellar processes and stellar
evolution

Assessment statements

E.5.1 Describe the conditions that initiate fusion in a star.

E.5.2 State the effect of a star’s mass on the end product of nuclear fusion.

E.5.3 Outline the changes that take place in nucleosynthesis when a star
leaves the main sequence and becomes a red giant.

E.5.4 Apply the mass—luminosity relation.

E.5.5 Explain how the Chandrasekhar and Oppenheimer—\Volkoff limits are
used to predict the fate of stars of different masses.

E.5.6 Compare the fate of a red giant and a red supergiant.

E.5.7 Draw evolutionary paths of stars on an HR diagram.

E.5.8 Outline the characteristics of pulsars.

The birth of a star

Stars are formed when huge clouds of gas and dust are compressed. They can’t form
on their own because the gravitational force is not big enough to pull the particles
together. However, if something causes the cloud to be compressed, such as an
exploding supernova or a collision between two dust clouds, the particles get closer
and the gravitational force becomes sufficient to start pulling the particles together.

As the gas atoms are pulled together by the gravitational force, they gain KE,
and the temperature of the gas increases. This increase in temperature causes an
outward pressure that pushes against the gravitational attraction. However, as

the atoms get closer, the gravitational attraction increases (F — Gmm

2 ) so the gas

continues to collapse and get hot at an ever-increasing rate.



Fusion starts

As the cloud collapses, a dense core is formed surrounded by a cloud
of gas and dust. The centre of the dense core rapidly contracts,
resulting in high temperature and pressure. This star, called a
protostar, gives out light due to its high temperature, but isn’t visible
because it is surrounded by a cloud of gas.

After about 10° years of mass increase, the radiation from the
protostar blows away the dust cloud and the mass of the star
stabilizes. The star is now a pre-main sequence star. The core continues
to contract and heat up until the atoms are moving fast enough for
fusion to take place. Since hydrogen is so abundant in the universe, it
follows that this gas is mainly hydrogen, so the fusion that takes place
is the fusion of hydrogen nuclei as shown in Figure 10.7. This proton
— proton chain can be summarised in the following equation

4/H — jHe + 2e* + 2v, + 2y

Once fusion starts, the increase in temperature causes greater pressure, balancing
the inward force of gravity. The star now stops contracting and becomes a main
sequence star like the Sun.

The process of fusing hydrogen to helium in the core takes much longer than any
other process in the star’s life; this is why there are more main sequence stars than
any other type. As the star develops, its luminosity and temperature change. This

means its position on the HR diagram changes. Figure 10.23 shows this variation

for three stars of different mass; these lines are called evolutionary paths.

A 15 M, 4 Figure 10.23 The HR diagram for three stars as
they turn from protostar to main sequence. Note
how the luminosity of the big ones stays constant;
this is because they are getting smaller but hotter.

0.1M, A sun size star also shrinks but its outside stays
cool until the inside gets so hot that it heats
the outer layers. The core of a small star never
gets that hot, so it gets less and less bright as it
contracts.

luminosity

Y

<— temperature

As this process takes place, helium builds up in the core. When all the hydrogen

in the core has become helium, the core is no longer producing energy, so the
thermal pressure drops, causing the core to rapidly compress. This compression
results in an increased temperature, which heats the hydrogen gas outside the
core, causing it to start fusing. As this happens the outer layers expand and the star
becomes a giant.

A
The Horsehead Nebula is a vast cloud
of gas and dust visible only because it
blocks out light from the background
glow.

N
6 Since the times involved in the
evolution of a star are so great, we
cannot observe a star changing
from one stage to the next — we

can only see stars that are in
different phases.

Mass-luminosity relationship
The luminosity of massive main
sequence stars is greater than stars
of small mass; this enables us to
know where the different stars
join the main sequence line. The
equation relating mass, m and
luminosity, L is

L oc m3®

|
o To find out more about stellar
evolution, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on weblink 10.7.

| Figure 10.24 The formation of a
red giant. The hydrogen core fuses to
helium; this then contracts, heating the
shell of hydrogen around it, which then
fuses, heating the outer layers of gas. As
they expand, they cool, giving the star

its red colour.
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In the meantime more helium is being added to the core, which continues to
contract and heat up until the helium starts to fuse into carbon. In the core of a very
large star this process continues through many stages of different nuclei fusing until
iron is formed. This is the end of the line, since as you remember from the BE curve,

iron has the highest nuB;En ratio so fusing iron would not release energy.

cleo

The fate of a star
Small star

Only stars with large mass will continue to fuse nuclei until iron is formed.
Smaller stars (up to about 4 M) do not develop the pressure necessary to fuse
carbon, so when they have used up all the helium, the core continues to contract,
radiating energy as it shrinks. If the star continued to contract, it would disappear
altogether. This doesn’t happen because the electrons contained in the core cannot

Red giant

occupy the same space at the same time (this is called electron degeneracy and is

due to the Pauli exclusion principle mentioned in Chapter 15). By the time this

point has been reached, the radiation from the core has blown away the outer
layers of the star, exposing the core. This now cools down, becoming a white

A < temperature dwarf. The mass of a white dwarf can be no more than 1.4 Me. This is called the

Chandrasekhar limit, and it means that white dwarfs cannot be formed by main

luminosity

White dwarf

Y

Figure 10.25 The evolution line path

Figure 10.26 The different fusing
layers in the core of a big star.

Supernova

luminosity

Y

<— temperature

A

Figure 10.27

for a small star. sequence stars bigger than 4 M since they will have cores that are too big.
Big star
H fusing . .
. Stars bigger than 4 M, have core pressures and temperatures high enough for
He fusing . . . .
) carbon fusion to take place. This leads the formation of neon and magnesium.
Cfusing . . .
As these heavier elements are formed, they form layers, with the heaviest near the
Ne fusing R
centre as shown in Figure 10.26.
O fusing
Si fusing Eventually the larger nuclei fuse to form iron, which forms the central core. Since
£ Fe iron has the highest binding energy, it will not fuse to form larger nuclei, so fusion
A in the core stops. This means that there is no energy production to give the nuclei

enough KE to oppose the crushing pressure caused by gravitational attraction
to the outer layers. The core is therefore compressed until electron degeneracy
prevents further contraction. There is however a limit to the amount of pressure
the electrons can withstand; as more iron is added to the core, its size exceeds the
Chandrasekhar limit and electrons

begin to combine with protons

to form neutrons (like beta

decay in reverse) resulting in

the emission of a large number

of neutrinos. As the core

collapses, it reaches the point

where it contains only neutrons

packed together as close as they

would be in a nucleus. The

unsupported outer layers now

An optical image of a supernova 1987a. 4
[t's the bright star on the right of the
photograph.



come rushing in, bounce off the core and fly back out again in
a massive explosion. The star has become a supernova. After the
explosion all that remains is the neutron core. The star is now a
neutron star, which will remain stable as long as its mass is not
more than 3 Mg, — this is the Oppenheimer—Volkoff limit.

Pulsars

Most known stars rotate (the Sun has a period of 1 month). This is
because there was some rotation in the cloud of dust that formed
them. As the cloud is compressed, this rotation is conserved, due

to a rotational version of the conservation of momentum. As a star
collapses, the speed of rotation gets faster and faster, in the same
way as the rotation of an ice skater or ballet dancer gets faster when
they pull their arms into their body. A neutron star therefore rotates
very fast. Another thing that increases when the star collapses is the
magnetic field; if you imagine squashing the Earth into a tiny ball,
the magnetic field lines would be very close. As the magnetic field is
swept around, it causes charged particles to accelerate, which emit
EM radiation (from radio to X-ray) in a fine beam along the line of
the poles (this is rather difficult to visualize but it follows Fleming’s
left hand rule). Since the magnetic poles are not lined up with the
axis of rotation, the beam of radiation sweeps around like the beam
from a lighthouse. If viewed from Earth, it seems to flash at regular
intervals (from 0.03s to 1.3 s).

Black holes

If the mass of a neutron star is bigger than 3 M, neutron degeneracy cannot stop
it from collapsing further. In this case it keeps contracting until the gravitational

force is so big that not even light can escape; this is a black hole.

0.1Mq 100M,

Main Sequence

Super
Red

Giants

White Neutron
Dwarf Star

The magnetic field of the neutron star
sweeps around creating beams of EM
radiation along the poles, as shown in
this computer illustration.

v

The first pulsar was detected

by Jocelyn Bell in 1967. It was

a radio frequency pulsar with

a period of 1.34s. So unusual

was this observation, that it was
suggested it might be a signal from
extraterrestrials

| Figure 10.28 The fate of different size
stars.
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@ Cosmology

Assessment statements

E.4.1 Describe Newton's model of the universe.

E.4.2 Explain Olbers’ paradox.

E.4.3  Suggest that the red-shift of light from galaxies indicates that the
universe is expanding

E.4.4 Describe both space and time as originating with the Big Bang.

E.6.1 Describe the distribution of galaxies in the universe.

E.6.2 Explain the red-shift of light from distant galaxies.

E.6.3 Solve problems involving red-shift and the recession speed of galaxies.

E.6.4 State Hubble’s law.

E.6.5 Discuss the limitations of Hubble’s law.

E.6.6 Explain how the Hubble constant may be determined.

E.6.7 Explain how the Hubble constant may be used to estimate the age of
the universe.

E.6.8 Solve problems involving Hubble’s law.

E.6.9 Explain how the expansion of the universe made possible the
formation of light nuclei and atoms.

E.4.5 Describe the discovery of cosmic microwave bac kground (cmB)
radiation by Penzias and Wilson.

E.4.6  Explain how cosmic radiation in the microwave region is consistent
with the Big Bang model.

E.4.7 Suggest how the Big Bang model provides a resolution to Olbers’
paradox.

Newton’s model

Newton believed that the universe was infinitely big. This would imply that the
gravitational force on each star was the same in each direction, holding them

in static equilibrium. If the universe is static, then the stars will be in the same
place forever and must have been there forever. He also concluded that the
universe must be uniform, since if it were not, the forces on every star would not
be balanced and there would be movement on some stars as they were pulled
together. So Newton’s universe was infinitely big, infinitely old, static and uniform.

Olbers’ paradox

The problem with Newton’s model of the universe was that if the universe were
infinite, then when you look into the sky there must be an infinite number of
shining stars, and if that is the case, why is the sky dark? You may think the answer
is obvious; the light from the distant stars is blocked by the ones in front or some
dark stuff that we can’t see. However, it’s not that simple; as you know, when
radiation is absorbed, the energy in it is absorbed, and this would then be re-
emitted, adding to the light coming from the blocking stars. The most probable
solution to this paradox is that the universe is not infinite, so there aren’t an
infinite number of stars. Also, time is not infinite and in that case the light from
some of them hasn’t even reached us yet.




< Part of the Virgo cluster of galaxies.

Distribution of galaxies
Galaxies are not distributed
randomly about the universe

but are found in clusters. These
galactic clusters are also clustered
into superclusters.

Red shift

Another nail in the coffin of Newton’s model was the discovery that the light

from distant galaxies is red-shifted. We have discussed how the shift of lines in the
spectrum of a star can be used to deduce whether it is moving towards the Earth
or away. A shift towards red implies the star is receding, so if light from galaxies is
red-shifted then they must also be receding. It was found that not only is the light
from all galaxies red-shifted but the ones that are furthest away are shifted by more
than the closer ones. This implies that the universe is expanding. It is as if there
was a big explosion, the outer parts flew off fastest and are still travelling outwards

with the greatest speed and we are somewhere in the middle. If we look outwards
we see the fast galaxies moving away, if we look inwards we see that we are moving
away from the slower galaxies, and if we look to the side we see the other galaxies
with the same speed moving away as they spread out from the centre. Figure 10.29
illustrates this.

m 10m 10m | Figure 10.29 As the cars travel
at different speeds, the middle
ZT S,

ﬁ ﬁ one moves away from both the
TAFTER 1s one in front and the one behind
(the length of the car has been
ignored).

10

The Big Bang

When presented with the idea that the universe started with a Big Bang, two
questions spring to mind — what was there before the Big Bang, and, if the
universe is expanding, what is it expanding into, in other words what is beyond the
universe?

As we discussed in the first chapter, length and time are quantities we use to define
objects and events in our universe. If there is no universe, then there is no length
or time. You couldn’t fly past in a spaceship to observe the Big Bang, since there
was no space to fly through. You can’t even say ‘when the Big Bang happened,
because there was no time to measure the event. Time and space grew out of the
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Figure 10.30 The cars move | 4
apart because the road is

stretching not because they are
moving along the road.
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Figure 10.31 Graph of recession

speed of galaxies against their distance

from the Earth.

Uncertainties O

As you can see in Figure 10.31, the
data points are scattered about the
best fit line indicating that there
are quite big random errors in the
measurements.

Big Bang. After that moment, space and time were created and expanded, but they
didn’t expand into some void, since there was no void to fill. So when we say the
universe is expanding, we mean that space is growing, rather than it is spreading
into the nothingness that surrounds it. The galaxies therefore move apart from
each other because the space between them is expanding (like the cars in Figure
10.30) rather than because they are moving with different speeds. This explanation
can also be used to explain red shift; if the space through which the wave travels is
stretched then the wavelength will increase.

Calculating red shift

The velocity of a galaxy relative to Earth can be calculated using the formula

AX _ v

A c

where AX = change in wavelength
A = original wavelength
v = relative velocity
¢ = speed of light

22 A spectral line from a distant galaxy of wavelength 434.0 nm is red-shifted to 479.8 nm. Calculate
the recession speed of the galaxy

23 The same line from a second galaxy is shifted to 481.0 nm. Calculate its recession speed. Is this
galaxy closer or further away?

Hubble’s law

We know how to measure the distance between the Earth and distant galaxies
and their recession speed. In the 1920s Edwin Hubble plotted these quantities
against each other and realized that the recession speed was directly related
to the distance to the galaxy. This supports the theory that the universe is
expanding. If you consider the cars in Figure 10.29, in one second the blue
car has moved 20 m away from the green one, so has a recession velocity of
20 ms~ !, whereas the closer red one has only moved 10 m away. The graph in
Figure 10.31 shows this relationship.

The gradient of this line is called the Hubble constant, H;. The value of this is
not certain but is in the region of 72 kms™! Mpc~.

__ recessional velocity

O separation distance

24 Use Hubble's law to estimate the distance from the Earth to a galaxy with a recessional velocity of
150kms~".

25 If a galaxy is 20 Mpc from Earth, how fast will it be receding?



The age of the universe

At the time of the big bang all parts of the universe were in the same place, so if we
know how fast any two parts are moving apart and how far apart they are now, we
can calculate the age of the universe.

separation distance
recessional velocity

Age of universe =
.. 1
This is the same as H,
So the age of the universe = L
H,

To calculate this in seconds we first need to convert the distance into km.
72
H =—14
03,09 X 10"
1

- = 17
So H, 4.29 X 10Ys

Now converting this into years

1 _ 429X 10Ys _ 10
H ~ 316X 10 1.36 X 10" years

=233 X 10718571

This calculation assumes that the velocity is constant. However, we know that
gravitational attraction will slow the galaxies down; the recessional velocity we
measure today is therefore smaller than it was. This makes our value too large, so
according to these measurements, the universe can’t be older than 1.36 X 10'° years.

The history of the universe

Just after the Big Bang, the universe was a very small random mixture of
fundamental particles and photons, with a temperature of about 10°**K. To
understand what happened in the next 300 000 years, you need to study the
particle physics option. The universe was nothing like it is today, no stars or
galaxies, not even atoms. There were no atoms because the temperature was

so high that the photons had enough energy to ionize atoms, so any electron
combining with a proton to form a hydrogen atom would be knocked off. This
event would also be very likely, since at that time the photons were so dense.

As the universe expanded, it cooled down until, after 300 000 years, it reached

a temperature of 4000 K. This is equivalent to a particle energy of 0.4 eV, not
enough energy to ionize hydrogen. At this point electrons started to combine with
protons to form atoms. If the universe had spread out uniformly the gravitational
attraction between each particle would have been balanced and the particles would
not have been brought together to form galaxies; therefore there must have been
some irregularities to provide the starting point for all the galaxies that began to
form when the universe was 10° years old.

Cosmic microwave background radiation, CMB

In the beginning, the universe was packed tightly with photons and other
fundamental particles. The density of photons was so high during the first

300 000 years that this was called the radiation-dominated universe. These photons
are still around today, but due to the expansion of space they have a much longer
wavelength than before (cosmological redshift) — they are in fact now microwaves.
This radiation was detected by Penzias and Wilson in the 1960s. At first this was
thought to be uniform but the COBE satellite detected very small variations that
were just enough to show that the early universe was not completely uniform,
thereby enabling galaxies to form.

®

The Big Bang is one of several
theories of how the universe
began. Any competing theories
must also explain why the universe
is expanding and where the CMB
came from.
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Open universe: keeps expanding.

Flat universe: the rate of
expansion tends to zero at infinite
time.

Closed universe: stops expanding
and starts to contract.

Figure 10.32 Three different possible 4

O

scenarios depending on the density of
the universe. The black line shows the

age of the universe as predicted from
the Hubble constant.

Critical density

The critical density is the density
at which the closed universe
becomes open. Itis very unlikely
that this is the way the universe is,
since just one extra electron would
make it contract.

O

@ The development of the universe

Assessment statements

E.4.8 Distinguish between the terms open, flat and closed when used to
describe the development of the universe.

E.4.9 Define the term critical density by reference to a flat model of the
development of the universe.

E.4.10 Discuss how the density of the universe determines the development
of the universe.

E.4.11 Discuss problems associated with determining the density of the
universe.

E.4.12 State that current scientific evidence suggests that the universe is open.

E.4.13 Discuss an example of the international nature of recent astrophysics
research.

E.4.14 Evaluate arguments related to investing significant resources into
researching the nature of the universe.

We have described how the universe was created from the time of the Big Bang,
but what will happen from now on? Will it continue expanding, or will it stop?

Open, closed or flat

In the previous section, the age of the universe was estimated by assuming that it
was expanding at a uniform rate. Due to the force of gravity we know that cannot
be true; the rate of expansion must be slowing down, but whether it is slowing
down enough to stop depends on the density of matter within it. If the density is
bigger than some critical value(the critical density) it will stop expanding and start
to contract, eventually ending in the ‘big crunch’. If the density is lower than that
value, it will continue to expand forever. You may think that a third possibility is
that the universe stops expanding and becomes static. However, this is not possible
unless the parts are an infinite distance apart, otherwise gravity would always

pull them back together; in other words it would keep expanding. These three
possibilities are illustrated in the graph of Figure 10.32.

sizeof A
universe o Open
&°
O
R Flat
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4
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now P
< Hi > time
]

Calculating critical density

We can calculate the critical density in a similar way to the way we calculated
escape velocity. If we consider a mass m on the edge of the expanding universe,
then, as it moves outwards, its KE will be converted to PE. The mass will continue



moving outwards until its KE is zero. If this happens at infinity then the PE will
also be zero as illustrated in Figure 10.33.

_ Infinity « Figure 10.33 Change in KE and PE as
KE= omv i beyond the universe expands.
PE = —GMm . KE=0
- L PE=0
o @

According to the law of conservation of energy
loss of KE = gain in PE

%mVZ_OZO_L’Mn

l z_GMm
v ==

If the critical density of the universe is p, then the mass M is given by
M = 47rp,
From Hubble’s law we know that v = H,r

If we substitute these values into the energy equation we get
_ 3H
Po = 87G

This has a value of about 1072 kg m ™~ which is equivalent to 6 hydrogen atoms
per cubic metre.

Determining the density of the universe

The density of the universe can be measured by measuring the mass of all the stars
in a given volume. However, if all the stars and gas clouds in a galaxy are measured,
the total mass is not big enough to give the gravitational attraction to hold it

N
together. In fact it’s only about 4%. The rest of this mass is called dark matter. 6 Islitpossibicitomake aiticon
I about something you know

nothing about?
Dark matter J

Dark matter sounds rather sinister but it’s just the term for any matter that does

not interact with light. This could consist of neutrinos (if they have any mass) Some of the dark matter may be

or maybe some new particles (WIMPS or MACHOs). Just when we thought we contained in Massive Astronomical
y WP : SJUStWRER W ghtwi Compact Halo Objects (MACHOs)

understood the universe we find that there is 96% that we don’t know about! or Weakly Interacting Massive

Particles (WIMPS).
Dark energy

By measuring the acceleration of distant galaxies it has been sizeof A Today’s prediction
found that the rate of expansion of the universe is increasing.  universe

This has been explained in terms of dark energy which fills Open
all space and causes an outward pressure counteracting the Flat

inward force of gravity. This implies that the universe is open
as shown in Figure 10.34.

i Closed

Figure 10.34 The fate of the universe | 4 : —>
based on an increasing acceleration. €« —> time
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In the past we used to refer to

the space race. Who would be

first into orbit? Who would be

first to the Moon? What are the
benefits of cooperation rather than
competition?

To link to the NASA website, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 10.8.

O

@)

The international nature of astrophysics

The study of the universe requires measurements to be taken from as many
places as possible; unfortunately we are limited to the Earth and its near
surroundings. We would be greatly helped if someone/thing living somewhere
else in the universe could send us measurements and observations from where
they live. This hasn’t happened yet, so for the time being we are limited to the
Earth. Given the nature of this research, not to mention the cost, it would be
extremely limiting to restrict one’s research to the borders of the country in
which you live; for this reason, astrophysical projects tend to be international
ventures and the data collected is made freely available on the internet. To make
it possible to cross reference data, international protocol has to be established
so that the naming of objects and measurements is consistent. You can find
astrophysical data on many internet sites such as NASA’s site which, although
an agency of the United States of America, is involved with many international
projects, such as the Gamma-ray Large Area Space Telescope (GLAST), which
involves the U.S. Department of Energy and institutions in France, Germany,
Japan, Italy and Sweden.

Is it worth it?

There are two ways of looking at the question as to whether physicists should be
doing research into the origins and ends of the universe. In terms of ‘is it worth it
for the advancement of science?’ the answer is clearly yes, if we are to understand
our universe we have to do experiments to gather data. In terms of ‘is it worth

all the money that is spent?’ then the answer is a lot more complex. Whether the
money invested in the research will ever be paid back by the discovery of new
sources of energy, for example, no one knows. However, according to Douglas
Adams in his book The Hitch Hiker’s Guide to the Galaxy, the answer to Life, the
Universe, and Everything is already known — it’s 42.

Practice questions

1 This question is about the nature of certain stars on the Hertzsprung-Russell diagram
and determining stellar distance.
The diagram opposite shows the grid of a Hertzsprung-Russell (H-R) diagram on which
the positions of the Sun and four other stars A, B, C and D are shown.
(@) State an alternative labelling of the axes,
(i) x-axis (1
(i) y-axis (1)
(b) Complete the table below.

Star Type of star
A

B
C
D




(c) Explain, using information from the H-R diagram, and without making
any calculations, how astronomers can deduce that star B is larger than
star A. (3)

(d) Using the following data and information from the H-R diagram, show that star B
is at a distance of about 700 pc from Earth.

Apparent visual brightness of the Sun = 1.4 X 103Wm—2
Apparent visual brightness of star B = 7.0 X 10-8Wm2
Mean distance of the Sun from Earth = 1.0AU

1 parsec = 2.1 X 10°AU (4)
(e) Explain why the distance of star B from Earth cannot be determined by the method
of stellar parallax. (1

6

10 . .B
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(Total 14 marks)

© International Baccalaureate Organisation

2 This question is about some of the properties of Barnard's star.
Barnard’s star, in the constellation Ophiuchus, has a parallax angle of 0.549 arc-second
as measured from Earth.

(@) With the aid of a suitable diagram, explain what is meant by parallax angle and
outline how it is measured. (6)

(b) Deduce that the distance of Barnard's star from the Sun is 5.94 ly. (2)
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apparent brightness of Barnard’s star

2 6 X —14.
() The ratio apparent brightness of the Sun 52610
(i) Define the term apparent brightness. (2)
(ii) Determine the value of the ratio
luminosity of Barnard’s star (1ly = 6.3 X 10AU) @

luminosity of the Sun

(d) The surface temperature of Barnard's star is about 3500 K. Using this information
and information about its luminosity, explain why Barnard's star cannot be
(i) a white dwarf. (1)
(i) ared giant. (1
(Total 16 marks)
© International Baccalaureate Organisation

This question is about Cepheid variables.

(a) Define
(i) luminosity. (1)
(i) apparent brightness. (1)

(b) State the mechanism for the variation in the luminosity of the Cepheid variable. (1)

The variation with time ¢, of the apparent brightness b, of a Cepheid variable is shown
below.

1.3 -
® ®
1.2 ® ®
) PS ® PS
) °
e 1.14 ®
= ) [ ] [ ) Y
o 1.0 °
S~
o ° () )
0.9 - ®
T o
0.8 T T T T T T T T T T 1
0 1 2 3 4 5 6 7 8 9 10
time/days

Two points in the cycle of the star have been marked A and B.

(c) (i) Assuming that the surface temperature of the star stays constant, deduce

whether the star has a larger radius after two days or after six days. (2)
(ii) Explain the importance of Cepheid variables for estimating distances to
galaxies. (3)
(d) (i) The maximum luminosity of this Cepheid variable is 7.2 X 102W. Use data
from the graph to determine the distance of the Cepheid variable. 3)
(i) Cepheids are sometimes referred to as “standard candles”. Explain what is
meant by this. (2)

(Total 13 marks)
© International Baccalaureate Organisation



4 This question is about the properties of the star Arcturus.
The following data is for the star Arcturus.

Distance from | Apparent Absolute | Spectral type | Luminosity
Earth/ m magnitude magnitude /W
3.39 X 107 —0.1 0.3 K 3.8 X 10%

(@) Explain the difference between apparent magnitude and absolute
magnitude. (2)

(b) State and explain, with reference to the data, whether Arcturus would be
visible without the aid of a telescope on a clear night. (1)

Techniques for determining stellar distances include the use of stellar parallax,
spectroscopic parallax and Cepheid variables.

(c) (i) Calculate the distance, in pc, of Arcturus from the Earth. (1)
(i) State and explain which technique would be most suitable for

determining the distance to Arcturus. (2)

(iii) Outline the method you have chosen in your answer to (c) (ii). (4)

(d) State how it may be deduced from the data that the surface temperature of
Arcturus is lower than that of the Sun. (2)

The temperature of Arcturus is 4000 K.
(e) Calculate

(i) the surface area of Arcturus. (2)
(i) the radius of Arcturus. )
(i) the wavelength at which the light from Arcturus has its maximum

intensity. (2)

(f) Using your answers to (e) deduce the stellar type to which Arcturus belongs.  (2)
(Total 20 marks)
© International Baccalaureate Organisation

5 This question is about the mean density of matter in the universe.

(a) Explain the significance of the critical density of matter in the universe with
respect to the possible fate of the universe. (3)

The critical density p, of matter in the universe is given by the expression
3Hy?
Po = 8nG
where Hj is the Hubble constant and G is the gravitational constant.
An estimate of Hyis 2.7 X 1078577,

(b) (i) Calculate a value for py. @)
(i) Hence determine the equivalent number of nucleons per unit volume at

this critical density. (1

(Total 5 marks)

© International Baccalaureate Organisation
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6 A partially completed Hertzsprung-Russell (H-R) diagram for some stars in the Milky Way
galaxy is shown below.

luminosity

temperature

(@) On the diagram,

(i) identify the regions associated with red giants (label the region R) and white
dwarfs (label the region W). (1)

(ii) mark with the letter S the approximate present position of the Sun. (1)

(iii) draw the evolutionary path of the Sun from its present position to its ultimate
position. (2)

(b) At the end of its main sequence lifetime, a star of approximately ten times the mass
of the Sun will start to produce energy at a much higher rate and its surface will
become cooler. Outline how it is possible for the star to be producing more power
and yet its surface is cooling. (2)

(Total 6 marks)
© International Baccalaureate Organisation




@ Communications
(Option F)

@ Radio communication

Assessment statements

F1.1  Describe what is meant by the modulation of a wave.

F1.2  Distinguish between a carrier wave and a signal wave.

F1.3  Describe the nature of amplitude modulation (AM) and frequency
modulation (FM).

F1.4  Solve problems based on the modulation of the carrier wave in order
to determine the frequency and amplitude of the information signal.

F1.5  Sketch and analyse graphs of the power spectrum of a carrier wave
that is amplitude-modulated by a single frequency signal.

F1.6  Define what is meant by sideband frequencies and bandwidth.

F1.7  Solve problems involving sideband frequencies and bandwidth.

F1.8 Describe the relative advantages and disadvantages of AM and FM for
radio transmission and reception.

F1.9 Describe, by means of a block diagram, an AM radio receiver.

Communication between people

People communicate by speaking to each other. This is an analogue form of
communication since the amplitude and frequency of the voice changes smoothly

rather than in steps. Speech can be converted into an electrical signal and The phone and the computer use radio
transmitted using radio waves. communication (but not the catl).
v

Radio communication

Radio communication includes not only broadcast radio stations but many other
forms of communication that rely on radio signals to transfer information, such as
mobile phones, wireless internet and television.

Radio waves

Radio waves are electromagnetic waves that originate from an alternating current.
The changing electric field that causes the electrons to move up and down the wire
spreads out in all directions. The changing electric field also causes a magnetic
field, hence the name electromagnetic wave. The two fields are perpendicular to
each other (remember the grip rule).

T ‘ Figure 11.1 A radio wave is an
electromagnetic wave.

electric
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The radio spectrum

The frequency of the oscillating electrons is the same as the frequency of the

wave. This can be anything from a few times a second up to several billion times a
second: these frequencies are known as radio frequencies or RE. Different ranges of
frequency have different names and uses (see Table 1).

Name Frequency Wavelength Use

A Very low frequency 3-30kHz 100 km—-10km | avalanche beacons
To see how the electric field spreads .
L A A — o Low frequency 30-300 kHz 10km—-1km Longwave radio
hotlinks, enter the express code ) .
4426P and dlick on Weblink 11.1 Medium frequency 300kHz-3MHz | 1km-100m AM radio

High frequency 3-30MHz 100m-10m Shortwave radio

Very high frequency | 30-300 MHz 10m-1m FM radio

. Ultra high frequency | 300-3000 MHz | 1 m-100mm ™, Bluetooth, LAN,

Table 1 The complete radio spectrum. 4 mobiles

The principle of radio communication

The transmitter

Figure 11.2 A simple radio transmitter }
and receiver. TE

DT |
I_l direction of wave ———» |_I

transmitter receiver

A changing electric field must be created in order to produce a radio wave. This
can be done using an oscillating circuit, which in its simplest form comprises a
coil of wire and a pair of parallel plates (a capacitor). The tuned circuit causes the
electrons to oscillate at a single frequency given by the number of turns on the coil
and the size of the capacitor, rather like a pendulum whose frequency is fixed by
its length. When electrons oscillate in the circuit, a radio wave will radiate in all
directions. This circuit is called the transmitter.

The receiver

If a second oscillator circuit is placed at a distance from the transmitter it will be
in a region of changing electric and magnetic field. Electrons in the circuit will be
caused to oscillate due to the changing field. The amplitude of this oscillation is
however very small, especially if the transmitter is a long distance away. However,
if the frequency of the second oscillator is the same as the first, then resonance
occurs, resulting in a much larger amplitude, enough to be detected.

Communication

So we have communication between the two circuits but all we have
communicated is a single frequency. A single frequency of sound would be a
continuous whistle. When communicating with sound we change the frequency
of the sound to make different words, but if we changed the frequency of a radio




wave then the receiver wouldn’t be able to receive it, since it is tuned in to one
specific frequency. The simplest way to communicate would be to repeatedly switch
the current on and off. This is how early communication was carried out. Morse
Code is a way of representing each letter and number by a series of dots and dashes

(a dot is a short pulse and a dash is a long one). In this way text messages can be sent:

dot dot dot, dash dash dash, dot dot dot is still an internationally recognized distress

signal standing for SOS (save our souls). Changing a wave to carry a signal is called
modulation. If many people in the same area want to communicate by radio waves

then each one needs to choose a different frequency; this is called a channel.

There are two common forms of modulation used to broadcast radio programmes,
these are frequency modulation and amplitude modulation; this is what the letters
FM and AM stand for on a radio tuner.

Amplitude modulation

Amplitude modulation is when the amplitude of the carrier wave (the radio wave)
is varied at the same rate as a signal (see Figure 11.3).

10kHz sound wave

a) signal wave

250kHz radio wave

b) carrier wave

amplitude modulated at 10kHz

¢) modulated wave

A
sidebands

—

power/dB

240 250 260 frequency/kHz
d) power spectrum

Sidebands

You may remember that when a body oscillates with SHM its displacement can be
described by the formula:

X = x,sin w,t where x,, is the amplitude and w, is the angular frequency, 27f
If x, also varies sinusoidally then we can write x,= A sin w,t

The resultant amplitude is then x = A sin w,t.sin w;t

Now, sinA sinB = %(cos (A—B) — cos(A+B))

So x = 2A(cos (w,t — @, t) — cos(wyt + w;1))

In other words, the oscillation is made up of two components: one with angular
frequency (w, + ;) the other with (w, — ).

4 Figure 11.3 A carrier wave modulated
by a signal wave. In this example the
250 kHz carrier will have two sidebands
260 kHz (250 + 10) and 240 kHz (250 —
10). The sidebands can be represented
on a power spectrum as shown here.
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Amplitude modulation

6 A similar thing happens with the wave, modulating the amplitude causes the
You can try varying the carrier and

carrier frequency to split into two components, these are called sidebands. The

signal frequencies to see what sidebands do not affect the ability of the receiver to resonate with the signal but it
happens to the side bands. To try does mean that radio channel frequencies cannot be too close to each other.

this, visit

www.heinemann.co.uk/hotlinks, Power spectrum

enter the express code 4426P and

click on Weblink 112 A power spectrum (see Figure 11.3d) is a chart showing the relative powers

of the different frequencies that make up a signal. This is like the frequency
analyser found on many music systems. The power scale is in decibels, which is
a logarithmic scale. An increase of 1 bel means that the power has increased by
a factor of 10. The central line in the spectrum shown in Figure 11.3d therefore
represents a much bigger power than the sidebands.

Modulation index

=

\nﬂl\l\nnnnnnl\ﬂ
i

I

UU The modulation index is the ratio of the signal amplitude to the carrier amplitude.
A high modulation index will cause the final signal to vary greatly.

—

modulation index = 0.5 Bandwidth
signal and carrier In the previous example a single frequency sound of 10 kHz was transmitted.
cancel out More than just one frequency needs to be used to transmit complex sounds such
LT N as music. The complete range of frequencies that humans can hear is from 20 Hz

nnUn\lA" VAVl\n n to 20 kHz. Modulating the carrier between these two frequencies would result in a
U wide band of frequencies from 230 kHz to 280 kHz as in Figure 11.5.

So the signal will occupy a band of frequencies from 230 to 280 kHz. This means that
there can’t be any other radio channels in this range. It is however possible to reduce
the bandwidth by cutting out the highest and lowest frequency notes from the music,

modulation index = 1

A but this will result in a loss in quality. Medium wave radio channels are allocated
Figure 11.4 With modulation index a 9kHz band width. Telephone uses
1 the signal and carrier wave can A bandwidth of 3k .
completely cancel each other out. bandwidth a narrower bandwidth of 3 kHz since
— bandwl ’ only the human voice is transmitted.

o

2 An analogue TV signal, on the other

% hand, has a bandwidth of 6 MHz since

= information about both pictures and
IR LS T Bener GEEehum > . > sound needs to be transmitted. Greater
fora S'gn,al o leited by o beine o 230 250 280 frequency b h qwidth implies more information
frequencies. /kHz

can be transmitted.

Sroadband ntarat O

The term bandwidth is also used in
digital communication to represent
the rate of transfer of data. It is

1 If the amplitude of a signal of frequency 500 kHz is modulated by a frequency of 15 kHz, what will
the frequency of the sidebands be?

similar to the analogue bandwidth 2 Refer to the graph of the modulated signal shown in Figure 11.6.
in that it is related to the amount of (a) Whatis the frequency of the carrier signal?

information in the signal but it isn't (b) What s the frequency of the signal wave?

the same thing. Broadband Internet (c) What sidebands will be present in this signal?

is therefore a signal that has a lot of

IR AR AR A AR .
A Rkl

8 18 24 32
Figure 11.6




Frequency modulation

Frequency modulation also superimposes a signal onto a carrier radio wave but
instead of varying the amplitude of the carrier, the frequency is varied between
two values either side of the carrier frequency (see Figure 11.7).

/\ /\ ‘ Figure 11.7 In an FM signal the
signal frequency of the carrier, fis modulated
by the signal so that its frequency varies
\/ \/ continuously between two values, f,

and f,.
carrier
modulated wave
Peak frequency deviation
In an FM signal, the carrier wave deviates from its original frequency f by an
amount Af. This is known as the peak frequency deviation. Therefore the maximum
frequency f, = f+ Afand the minimum f, = f— Af
Modulation index Figure 11.8 FM signals with a large

and a small modulation index and
(f f ) the frequency spectrum and power
. 2 1 spectrum respectively.

index = ——— P P 4

f v

frequency spectrum

If the carrier frequency, fis modulated between f; and f, then the modulation

small
modulation
| |

index
carrier frequency
frequency spectrum
rge | ]
modulation 1 l 1 ! 1 !
index | | | |

Sidebands

As in AM, the addition of the modulated wave can be split into components. These
components can be displayed on a frequency spectrum (see Figure 11.8).
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Bandwidth

As can be seen from these examples, FM signals occupy a bandwidth of
frequencies. The width of this band is actually infinite. However, as you can see
from the frequency spectrum in Figure 11.8, the power of the bands gets smaller
and smaller, until after a certain point they are so small that they can be ignored.
The effective bandwidth can be calculated using Carson’s Rule.

Bandwidth = 2 X (peak deviation + highest modulating frequency)

Example

If a carrier signal of 100 MHz is modulated between with a peak deviation of
~ 50 kHz to carry an audio signal with a maximum frequency of 20 kHz then the
o bandwidth = 2 X (50 + 20) = 140 kHz

Frequency modulation
You can try varying the carrier and
signal frequencies to see what
happens to the sidebands. To try
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and 3 A 150 MHzsignal is modulated between 149.9 MHz and 150.1 MHz to carry a signal ranging from
click on Weblink 11.3 100 Hz to 20 kHz. Calculate:

(a) the peak frequency deviation

(b) the modulation index

(c) the band width.

4 For the signal in Figure 11.9 calculate:
(a) the highest and lowest modulation frequencies
(b) the signal frequency.

y time/us
0

Figure 11.9

Comparing AM and FM

Bandwidth

The bandwidth allocated to AM radio is 9 kHz, just enough to transmit a
reasonable quality audio signal. FM uses a bandwidth of 200 kHz. This means
that when you tune into FM radio channels they are further apart than AM. This
is also why FM uses a higher frequency, although the actual frequencies used by
FM and AM are decided by international agreement, not the laws of physics. To
use a frequency band, a radio station must pay a sum of money to the controlling
body in that country. Two stations can use the same band but they must be
geographically far enough apart so that their signals don’t interfere.

Range

The range of an AM signal is much longer than an FM signal. This isn’t because
of the modulation but because the frequencies used by AM are much lower than
those used by FM. Low frequency radio waves have two ways of travelling from
A to B, either along the ground, or reflected off an atmospheric layer called the




ionosphere. The latter enables the waves to travel long distances, so two AM radio
stations using the same bandwith must be a long way apart. On the other hand,
high frequency waves travel in straight lines and don’t reflect off the ionosphere.
Rather than travelling round the Earth they shoot off into space. This means that
to receive FM you have to be able to have direct contact with the transmitter.
Satellite TV also uses high frequency radiation, and this is why a receiving dish
has to be pointed straight at the satellite: this is called line of sight. The good thing
about this is that FM stations using the same frequency can be close together, and
this is why local radio stations tend to use FM.

< Figure 11.10 AM waves reflect off
ionosphere and travel along the ground
whereas FM waves travel in straight
lines.

Quality

Radio channels are not the only source of radio waves, as any movement of charge
will cause EM radiation, e.g. lightning. These signals will interact with the radio
signal causing a change in amplitude but not frequency. These disturbances
(noise) affect the signal carried by an AM channel but not an FM channel. This is
the main problem with AM, it is very susceptible to noise. This is why high quality
music channels tend to use FM not AM.

Cost

A simple AM radio receiver can be built for very little money out of a crystal
diode, a capacitor and a coil of wire. An FM receiver is rather more complicated
and therefore costs more.

The AM radio receiver

In this course you do not have to know how each component in a radio receiver
works but you do have to understand the stages. These can be represented in a
block diagram as shown in Figure 11.11.

< Figure 11.11 The AM radio receiver

and its component parts.
aerial

RF AM ] AF

—»
RF tuner amplifier | |demodulator| |amplifier

loud-
speaker
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Aerial

The aerial is a long conducting rod. Radio waves passing through it cause a
changing electric and magnetic field in it.

RF tuner

Anywhere on Earth there will be radio waves from many different sources, each
of different frequency and all of which will cause a changing field in the aerial.
The radio frequency tuner is manually set to resonate with just one of those
frequencies. This is what you do when you tune your radio.

RF amplifier

The signal from the tuner is very small so needs to be amplified before the signal is
passed onto the demodulator.

AM demodulator

The demodulator splits the audio signal from the carrier signal. Only the audio
signal continues to the next stage, the RF signal is discarded.

Figure 11.12 Signal before and after | 2

demodulation.
The modulated

signal

‘ RF signal removed
| from audio

AF amplifier

This increases the amplitude of the audio frequency signal.

Loudspeaker

This turns the signal into music and/or speech.

@ Digital signals

Assessment statements
F2.1  Solve problems involving the conversion between binary numbers and
decimal numbers.

F2.2  Distinguish between analogue and digital signals.

F2.3  State the advantages of the digital transmission, as compared to the
analogue transmission, of information.

F2.4  Describe, using block diagrams, the principles of the transmission and
reception of digital signals.




F2.5

F2.6
k2.7
F2.8

Explain the significance of the number of bits and the bit-rate on the

production of a transmitted signal.

Describe what is meant by time-division multiplexing.

Solve problems involving analogue-to-digital conversion.

Describe the consequences of digital communication and multiplexing

on worldwide communications.

Communication between computers

A computer is a digital device, everything it does is coded from a sequence of 1s
and 0s. It is not obvious how 1s and 0s can be used to communicate information,

until you understand the binary system.

The binary system

Our normal system of numbers is called the decimal system. In this system we can
represent any number by using 10 symbols (0123456789). The way it works is that
we group units, tens, hundreds and so on. So 365 is 3 hundreds, 6 tens and 5 units.

Units, tens and hundreds are all powers of 10. 10% 10!, 10% etc. This is called

base 10 (see Table 2).
Power of 10 3 2 1 0
1000 100 10
thousands hundreds tens units
Power of 2 3 2 1 0
8 4 2 1
eights fours twos ones

The base of our number system doesn’t have to be 10. We can use any number.
If we use 2 this is called the binary system, as represented in Table 3. With 4 digits

we can count from 0 to 15, with 8 digits we can count to 255 (see Table 4).

Table 4 The numbers 1-10in
binary. In this system the number 7
would be one 4, one 2 and one.

4 Decimal

Binary

1

00000001

00000010

00000011

00000100

00000101

00000110

00000111

00001000

00001001

OV || N o |u | b~ WwW|N

—_

00001010

< Table 2 The decimal system of
numbers.

‘ Table 3 The binary system of
numbers..

Bit (b)

Each 1 or O'is called a binary digit
or bit .

LSB

This is the least significant bit, this
is the digit representing the digit
to the right, this represents the
smallest part (1s).

MSB

The most significant bit is the digit
on the left, this represents the
biggest part.

Byte (B)

A byte is 8 binary digits. 8 digits can
represent any number from

0to 255.
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Figure 11.13 Changes in potential
represented by 1s and 0s where a
high is represented as 1 and a low
represented as 0.

Figure 11.14 Two different readouts
with two slightly different timings.

>

>

5 Convert the following numbers into binary form:
(a) 12
(b) 26
(c) 33

6 Convert the following binary numbers into base 10:
(a) 00110
(b) 11001
(c) 11110

7 What are the most significant bits for the numbers in Question 6?

Sending the data

When computers communicate, binary numbers are sent as a series of high and
low electrical potentials (see Figure 11.13). When receiving a series of 1s and Os it
is impossible to know what numbers they represent unless you know how many
bits there are per number. So digital devices are standardized by the number of bits
they use; this is usually a multiple of 8.

potential

3

time

Timing

A digital signal is easy enough to read if the sequence is 0101010 as in Figure 11.13.
Often it’s as complicated as the sequence in Figure 11.14. This could be 011111010
or 00111111111100110 depending on how long each pulse is. A computer uses a
very fast clock to read the signal each time it expects a pulse. If information is sent
at 20 kb s™! then each pulse lasts 1/20000 s, so the computer needs to know when
to start reading and it must read the signal every 50 ps. If the pulses don’t come at
exactly the right time or if the clock isn’t exact then the computer will start to read
the wrong information.

— o
—o
_
N
—
N
—
N
-
—
—o
N
—

o

Synchronous transmission

In synchronous transmission the sender and receiver clocks are set at the same rate
so the transmission of the pulses is regular. A clock signal is sent with the data in
order to synchronize the clocks. No clock is 100% accurate, so information is sent
in blocks of up to 64 000 bits, so the clock does not have to stay synchronized for



too long. There is, however, some room for error since the computer doesn’t have
to take its reading exactly in the centre of each one or zero.

Asynchronous transmission

If the clocks are not synchronized then the signal must contain information to
inform the receiver how often to take readings. There is more chance of error in
this system so the block lengths must be much smaller. This system can only be
used for slow transfer of data. All fast transfer is synchronous.

Time division multiplexing

Because digital information is sent in blocks, it is a relatively simple process to
send different pieces of information in different blocks. In this way many signals
can be sent along the same cable. All that has to be added is some code before each
block to say which blocks go together and where they should go.

FORNAY AR N
multiplexed signals.

Compression

If the time duration of each pulse is reduced then it is possible to transmit the
signal in less time; this is called compression.

signal < Figure 11.16 A signal and its

compressed version. The minimum size

of a pulse depends on the speed of the

. transmitter and receiver.
compressed signal

0 10 20 30 40
This shows a digital signal. The time scale is in s.
8 What is the binary data in this signal if it is read at a rate of 500 kHz.

9 If the signal contains two multiplexed signals each 6 s long, work out the binary data in each
of the signals.

10 Convert each of the 3-bit binary numbers in Question 9 to base 10.

MP3

An MP3 file is a compressed file. A
Difference between analogue and digital piece of music recorded onto a D

takes up 10 times more space that
We have considered two different forms of communication, people communicating it does when compressed into MP3
via radio waves and computers communicating through wires. The signals sent in format.

these examples are fundamentally different; the radio signal carrying music changes
continuously from one amplitude to another (AM) or one frequency to another
(FM). This continuous variation is called analogue. On the other hand, a digital
signal is either high or low, there is no variation between the two.

Advantages of digital signals
Noise

When an electrical signal travels from A to B it is affected by changes in electric
field that take place between A and B. This could be caused by lightning, electric
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Figure 11.17 The effect of noise on an >
analogue signal and digital signal.

machinery etc. When an analogue signal is changed by noise, it changes the signal,
so music that is affected by noise will sound different. When a digital signal is
affected by noise, the information carried is unaltered. Figure 11.17 shows the
effect of noise on the signals shown. The analogue signal can be seen to be quite
different whereas the digital one is just the same.

analogue signal with noise

A I

digital signal with noise

Compression

If a music signal were to be compressed, the pitch of the music would become
higher. Compressing a digital signal does not change the information, it just
enables it to be transmitted more quickly.

Multiplexing

It is much simpler to multiplex digital signals than analogue ones.

Source independence

A digital signal is always a series of ones and zeros, independent of what type of
information is being transmitted. This means speech, text, music and video can all
be transmitted on the same signal.

Coding

By changing the sequence of the 1s and Os in a predetermined way, a digital signal
can be coded to prevent anyone not knowing the information (spies) from reading
the message.

Data manipulation
A computer is a powerful tool that can only accept digital data. An advantage of

using a digital signal is that we can use the computer to manipulate our data.

For these reasons it is very useful to convert analogue signals into data signals. A
device designed to do this is called an analogue to digital converter (ADC).



The analogue to digital converter (ADC)

When a sound is converted into an electrical signal, a continuously varying p.d. is
created. This can be transmitted through a wire and is an analogue signal.

Sampling
To convert an analogue signal into a digital one, it must be changed from a
continuously changing p.d. to one that changes in steps (a PAM signal). This is

done by measuring the p.d. at regular intervals (sampling) then rounding those
p.d.s to the nearest whole number (quantizing).

Decimal Binary
1 00000001
00000010
00000011
00000100
00000101
00000110

O U~ W N

By sampling the signal in Figure 11.18 once each second, it can be represented by
the following numbers: 0,1,4,5,5,2,0,2,4,1. These can then be converted into binary
form. Since the highest number is only 5 these can be represented by just 3 bits. So
the first four numbers would therefore be 000 001 100 101.

A
this point s closestto 5V
6
54
Digital

4 analogue
2 signal
°
S 34

24

14

0 T T T T T T :

0 1 2 3 4 5 6 7 8 9 time/s

(a) Sampling rate 1Hz, 6 levels (b) Sampling rate 2Hz, 6 levels

Digitized
signals
(PAM)

(c) Sampling rate 2Hz, 12 levels

4 Table 5 The numbers 1-6 in binary.

‘ Figure 11.18 Converting an analogue

signal into quantized levels.
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Sampling rate

When this data is received, the original signal can be reconstructed. This is not
exactly the same as the original signal. However it could be improved by increasing
the sampling rate as in Figure 11.18b.

Number of bits

It is also possible to reduce the gap between the steps by creating more levels to
each volt. The representation of each volt by one digit can be increased to 2 digits
per volt giving 12 quantized levels as in Figure 11.18c. Increasing the number

of quantized levels means that we need to increase the number of bits to 4. By
increasing the sampling rate and using sufficient quantized levels, the signal can be
quite close to the original. This system is used in digital sound recording.

Digital music (44.1kHz 16bit)

Digitally recorded music is very close to the original because the signal is
sampled 44 100 times each second and the quantized levels are stored as 16-bit
binary numbers. With 16 bits you can make 65 536 different numbers and so the
equivalent number of quantized levels.

11 Using a sampling rate of 1 Hz and 8 quantized levels, convert the analogue data shown in
Figure 11.19 to a digital signal (you don't need to turn the signal into binary form, just give the
answer as a list of base 10 numbers).

p.d./V

Figure 11.19

12 Convert the first 4 s of data into 4-bit binary.

13 If a 5 minute piece of stereo music is recorded on a 16-bit 44 kHz MP3 player, how many bits of
information will be recorded? How many bytes is that?

14 Use your answer to Question 13 to calculate how many hours of music can be recorded with
1 Gbyte of storage. If this is changed to MP3 format and it is compressed by a factor of 10, how
many hours of music can you store on a 1 Gbyte MP3 player?



The complete system

The complete digital communication system can be represented by a block diagram.

analogue sample analogue digital to analogue ‘ Figure 11.20 A block diagram for a
signal 1 d hold —>| to digital — ] analogue output device digital communications system and its
(microphone) andho converter | transSMIssion f e ter (loudspeaker) component parts
(wire) P :

Analogue signal

The original information to be communicated often starts off as an analogue
signal, e.g. music. This must first be converted to an electrical signal by a
microphone.

Sample and hold

The ADC works by comparing the instantaneous potential with a set number of
predetermined quantized levels. This process cannot be performed instantaneously
so the signal needs to be held for a short time. The sample and hold stage involves
sampling the potential and holding the information so the ADC has time to
process it. The time of the hold depends on the sampling rate of the ADC; if it is
44.1 kHz then the signal will be held for 20 ps.

Analogue to digital converter

The ADC takes the steady potential from the sample and hold stage and converts
this to the nearest number of quantized levels. This is then converted to a binary
number. The number of binary digits depends on how many quantized levels there
are, but it is generally a multiple of 8 bits. The clock rate is also included in this
data or sent on a separate cable, this is the rate at which the bits are sent. If the
sampling is done at 44 kHz and converted to 32 bits then the clock rate would be
32 X 44kHz = 1.4 MHz.

Transmission

The digital signal can now be transmitted to the receiver. This can be through

a single wire, optical fibre or radio wave (more about this in the next section).
The signal is said to be serial since all the information is in a line. However it can
be sent along parallel wires if first changed into a parallel signal with a serial to
parallel converter.

serial to parallel to
—>| parallel serial [
converter converter

Digital to analogue converter
The DAC decodes the binary information and clock data to convert the series of 1s

and Os to a changing potential. If the receiver is a digital device such as a computer
this stage is not needed.

15 If an ADC converts an analogue signal to 16 bits at a rate of 1 MHz
(@) for how long must the signal be held in the sample and hold stage?
(b) whatis the clock rate of the ADC?
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A data logger. >

A photo gate is a digital sensor.

v

A temperature sensor is an analogue ’
Sensor.

The use of the interface in physical
measurements

It is likely that you have used a computer interface or data logger during the practical
part of your physics course. This is a device that takes a signal from a sensor and
passes it on to a computer. The information coming in to the interface is always a
potential; the interface converts this to a binary code so a computer can process it.

Digital sensors

A photo gate is an example of a digital sensor. This is because the photo gate has only
two outputs: high or low and nothing in between. The photo gate consists of an IR
beam and a detector. When the detector receives the beam, a 5V potential is created,
and if the beam is blocked the potential is 0 V. The interface records the time of a
change, converts this into binary code and sends the signal to a computer.

Analogue sensor

Most sensors used in physics experiments are analogue sensors. These produce a
continually varying potential. An example of an analogue sensor is a temperature
sensor. This gives out a potential that is proportional to the temperature. The
interface samples this potential, converts it to a binary code and sends it to the
computer.



Sampling rate

The sampling rate of the ADC is set by the computer software. A rapidly changing
quantity will need to be sampled often; a typical school interface will be able to
sample up to 250 000 times a second. If the signal is alternating then the sampling
rate must be more than twice the frequency of the signal. You can get some very
strange results if you don’t sample fast enough, as shown in Figure 11.21.

‘ Figure 11.21 A potential alternating at
50Hzis sampled at 50 Hz and 100 Hz .

| | |
N N[N/~
N NS

signal sampled at 50Hz

5V

\_/ \ ANV
NN N/

5V

16 If a data logger can sample at a maximum rate of 10 kHz, what is the highest frequency signal
that it can measure?

@ Optic fibre transmission

Assessment statements
F3.1  Explain what is meant by critical angle and total internal reflection.

F3.2  Solve problems involving refractive index and critical angle.

F3.3  Apply the concept of total internal reflection to the transmission of
light along fibres.

F3.4  Describe the effects of material dispersion and modal dispersion.

F3.5 Explain what is meant by attenuation and solve problems involving
attenuation measured in decibels (dB).

F3.6  Describe the variation with wavelength of the attenuation of radiation
in the core of a monomode fibre.

F3.7 State what is meant by noise in an optic fibre.
F.3.8 Describe the role of amplifiers and reshapers in optic fibre transmission.

F3.9  Solve problems involving optic fibres.
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Refraction of light

One way of sending a digital signal is by
flashing a light on and off (on-1 off-0). To
transmit this signal an optical fibre is used.

To understand how this works, we first need
to know a bit more about refraction of light.
Light has different speeds in different materials.
If light passes from one material to another,
the change in speed causes the light to change
direction. If the speed of the light increases, it
is deflected towards the boundary between the
two materials as in Figure 11.22.

A
The light emitted from the ends of the
fibres make a nice pattern. r

i = angle of incidence air
r = angle of refraction

Figure 11.22 } glass

(@) Light refracted from glass to air.

Snell’s law tells us that
sini _ o .
Snr the refractive index from glass to air

The critical angle

If the angle of incidence increases, a point will be reached where the refracted
ray is refracted along the boundary. The angle at which this happens is called the
critical angle.

Applying Snell’s law to this situation:

C = critical angle air sinC
n sin90
sinC = refractive index from glass to air

= refractive index from glass to air

Refractive index is usually measured from air to glass, but
1
Refractive index (glass-air)

glass

Refractive index (air-glass) =

b) Light refracted at 90°. So sinC = — -
(b) Light refracted a o s Refractive index (air-glass)

Refractive index(air-glass) = 1.5
. _ 1
So sinC = +——+

1.5
C=42°

air Total internal reflection

If the critical angle is exceeded, all of the light is reflected. This

is known as total internal reflection. Since all the light is reflected

glass none is transmitted. This is not the case when light is reflected off
a mirror when some is absorbed.

(c) Light totally internally reflected.



Optical fibre

An optical fibre is a thin strand of glass or clear plastic. If a ray of light enters its end

at a small angle, the ray will be total internally reflected when it meets the side. Since

the sides are parallel, the ray will be reflected back and forth until it reaches the other
end as in Figure 11.23. Optical fibres are used extensively in communication.

light refracted when | Figure 11.23 Light reflected along a
entering fibre light reflected at the sides / fibre.

/7"/'\/'\\1/

Step indexed

Actual fibres have two layers. The light reflects at the boundary
between the layers, this is so fibres can be bundled together. This is called step
indexed since there is a step in refractive index between the core and sheath.

T < Figure 11.24 A step-indexed
/\l 100 um multimode fibre.

Modal dispersion

Not all rays of light enter one end of the fibre and come out of the other, only
certain waves make it. The possible paths are called modes.

The more direct modes reach the end first. This can cause problems with data
transfer as bits of data might not arrive in the correct order. It is possible to make
very thin fibres that only allow one mode; these are called monomode fibres.

< Figure 11.25 There are different
g
M% possible paths along a fibre.

Material dispersion

When light passes through a prism, different frequencies are refracted by different
amounts, causing the colours to disperse. When light travels down a fibre, different
frequencies have different paths, as in Figure 11.26.

This will cause a problem if different bits of data arrive at the wrong time.

| Figure 11.26 Different frequencies

/\é have different paths.

17 Light enters a glass block of refractive index 1.5 at an angle 70° as shown in Figure 11.27.
(a) Use Snell’s law to calculate the angle of refraction 6,.

(b) Use geometry to find the angle 6,. 0, T
(c) Calculate the critical angle for glass. 50 um
(d) Will the ray be totally internally reflected? 0,

(e) Calculate length D. 70°,

Figure 11.27
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Attenuation

Attenuation is the opposite of amplification. If a signal is attenuated its power gets
less. Attenuation is measured in decibels (dB).

The decibel

A decibel is a measurement of power with relation to some fixed value. The scale
is logarithmic rather than linear; in other words, a change from 1 dB to 2 dB is not
the same as a change from 2 dB to 3 dB.

When we use dB to measure attenuation, it gives a measure of how much the
power of a signal has been reduced.

The way it is calculated is with the formula:

: P,
Attenuation = 10log,, P

out

where P, is the original power and P, the power after attenuation.
The factor 10 is to convert from bels to decibels.

E Log(1) = 0 1001
omakex Log;o(10) = 1 10" = 10
Log,o(100) = 2 102 = 100
Log,4(1000) = 3 103 = 1000
Table 7. Attenuation table > Power in (mW) Power out (mW) Attenuation (dB)
1 0.9 0.46
1 0.8 0.97
1 0.7 1.55
1 0.6 2.22

Worked example

If the power in to a fibre is 1 mW and the power out is 0.01 mW, calculate the

attenuation.
Solution
Attenuation = 10 loglo(ﬁ) =20dB

Attenuation in fibres

The attenuation of an optical fibre is related to its length, so when calculating the

attenuation of a fibre, attenuation per kilometre is calculated.




Fibre type Attenuation

Multimode 0.8 dB/km

Monomode 0.3 dB/km

Worked example

If the attenuation of a fibre is 0.3 dBkm ™! what is the power of a 1 mW signal after 5 km?

Solution
If attenuation is 0.3 dBkm ! then attenuation in 5km is 1.5 dB

From the definition of dB, 1.5 = 10 logm(Pl )

0.15 = loglO(Pl )
out

out

10015 = 10%is the inverse of log;x.
POth
1
141 = P
P, = 0.71mW

Attenuation and wavelength

The attenuation of light in an optical fibre is different for different wavelengths. To
minimize attenuation, wavelengths with low attenuation should be used.

101 ‘ Figure 11.28 This shows attenuation
- against wavelength for an optical fibre.
£ 81
<
o
=
ke
3 44
<
g
T 5

0 T T T T T T T T T T
700 800 900 1000 1100 1200 1300 1400 1500 1600 1700
wavelength/nm

18 The power into a fibre is 1 mW. Calculate the attenuation if the power out is:
(a) 0.1 mwW (b) 0.2mW (c) 0.01 mW

19 The attenuation of light in a given fibre is 2 dBkm~".
(@) What s the attenuation after 5 km of fibre?
(b) Ifasignal of 1 mW is sent into 5 km of fibre, what is the power of the signal that comes out?

20 By looking at the graph in Figure 11.28, decide if a wavelength of 1400 nm would be a good
choice for sending a signal along this fibre.

Amplification in optical fibres

As light travels along a fibre its power becomes less. For long-distance

communication the signal therefore needs to be amplified. Amplification can be ‘

achieved by inserting a length of fibre that has the addition of atoms that give out This simulation from PhET shows
light when the signal passes. This is called stimulated emission and is used in the how a laser works. To view, visit
operation of lasers. The added (doped) atoms are selected so that the light they emit is ISP AT

enter the express code 4426P and

the same wavelength as the signal. They are first excited (pumped) by a laser, and then click on Weblink 114,

when the signal passes they give out light in the same direction and in phase.
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Figure 11.29 A doped fibre used to >
amplify the signal. The doped atoms are
excited by a laser. The signal causes the

doped atoms to emit radiation.

e ®° o ® o ° d
singled fibre doped fibre
% doped fibre pumped by laser
@ e @ e ) e (]
singled fibre doped fibre
% As signal passes doped atoms give out light amplifying signal
—
@ —‘» o— ® L) ® (]

Noise

Since light is not a radio frequency it is not affected by interference with RF
sources, however there is some noise created on amplification. Some of the atoms
pumped can give out light before the signal arrives. The effect of this noise can be
reduced by reshaping the signal.

Comparing optical fibres to copper cables

Compared to copper coaxial cables, optical fibres:

e have much greater bandwidth due to higher frequencies used

e have less attenuation

e have greater security since it is very difficult to tap into an optical fibre
e have no noise due to RF interference

e are lighter and thinner

e are more expensive.

@ Channels of communication

Assessment statements

F4.1  Outline different channels of communication, including wire pairs,
coaxial cables, optic fibres, radio waves and satellite communication.

F4.2  Discuss the uses and the relative advantages and disadvantages of wire
pairs, coaxial cables, optic fibres and radio waves.

F4.3  State what is meant by a geostationary satellite.

F4.4  State the order of magnitude of the frequencies used for
communication with geostationary satellites, and explain why the up-
link frequency and the down-link frequency are different.

F4.5  Discuss the relative advantages and disadvantages of the use of
geostationary and of polar-orbiting satellites for communication.

F4.6  Discuss the moral, ethical, economic and environmental issues arising
from satellite communication.

F.2.9  Discuss the moral, ethical, economic and environmental issues arising
from access to the internet.




A digital signal is a varying potential which can be sent from A to B by connecting
a conducting wire between A and B. The wire is called a communication channel.
Applying a changing potential to one end of the wire causes a changing potential
at the other. Alternatively, the signal can be changed into electromagnetic radiation
and sent as a radio signal.

Types of cable

Wire pairs

Wire pairs are the cheapest form of cable, consisting of two insulated wires that

can either be parallel or twisted. The main problem with this form of cable is

that the strength of the signal gets less as the length of the cable increases. This is
attenuation. There are several reasons for this:

e Resistance: the resistance of a wire is proportional to its length and causes
energy to be lost in the form of heat. This can be minimized by making the
wires out of a material with low resistivity.

e Radiation losses: the changing electric field in the wire creates a changing
electric and magnetic field that radiates from the wire This can also lead to
interference between the wires or ‘cross talk’

Attenuation also increases with frequency so wire pairs can only be used for long
range low frequency signals such as telephone or short range high frequency
signals as in the communication between computers. Wire pairs can transfer data
at a rate of several Mb s~! over short distances.

insulating layer
conducting core

conducting
sheath

insulating
layer

Coaxial cable

Coaxial cables

The two conductors in coaxial cables consist of a core surrounded by a sheath; the
two are separated by an insulator.

The attenuation in a coaxial cable is much less than in a wire pair because the
outer sheath prevents the loss of signal by radiation. It also prevents disturbance of
the signal from outside sources. Coaxial cables are used for transmission of the TV
signal from the aerial to the TV set and also for long range internet connections.

It is possible to transfer data at a rate of several Gbs™! over short distances with a
coaxial cable.

< Figure 11.30 Comparison of a cable
pair and coaxial cable.




Communications

Using radio waves to transmit digital information

Radio waves are a continuous variation of electric and magnetic fields so they are
themselves analogue signals. However, they can be used to transmit a digital signal
in the same way as they are used to transmit an analogue signal. This is done by
modulating the wave.

Figure 11.31 The difference between }

1 0 1 1T 0 1 0 T 0
an amplitude modulated signal and a
frequency modulated signal.
AM FM

Amplitude modulation

The amplitude is modulated between two values as in Figure 11.31. This is
different from AM radio where the amplitude varies continuously.

Frequency modulation

The frequency of the carrier wave is modulated between two frequencies, one
representing 1 and the other 0. Computers can communicate with each other via
wireless internet connections by using modulated radio waves.

Bandwidth

Remember that when a wave is modulated the wave changes from having one
frequency to being made up of many frequencies, all added together to give the
final wave shape. The digitally modulated waves have a wide bandwidth. This
becomes a problem when using radio frequencies to transmit digital signals, since
all the available bands are already used by radio stations.

Microwave

Microwaves are high frequency electromagnetic waves that when modulated
enable a high rate of data transfer. Microwaves do not travel very far in the
atmosphere and will not pass through concrete buildings. It is for this reason
that the ‘point to point’ communication is necessary: the receiver must be in the
‘line of sight’ of the transmitter. The advantage is that no cables need to be laid.
Microwaves are commonly used for wireless connections at home and in public

Note: The radio wave is always O places and in long range situations where there is a line of sight.

analogue, it is the information that

is digital. Light

Light has a frequency in the order of 10'* Hz. With such a high frequency a very
high rate of data transfer is possible. Light can undergo amplitude modulation,
in simplest terms, by switching on and off. The speed at which this can be done is
currently the limiting factor to the maximum speed of data transfer using light.
Other factors affecting the use of light are that the signal must be point to point,
and it is affected by weather and other atmospherics. One way round this is to
transmit the light signal in an optical fibre.




Satellite communication

Using high frequency modulated radio waves to transmit digital information
would be an attractive possibility if it were not for the fact that the transmitter and
receiver must be in direct line of contact with each other (line of sight). Therefore,
to communicate over long distances, a chain of transmitters and receivers must be
constructed. An alternative is to use a satellite to transfer the signal as in Figure 11.32.

>/ 4 Figure 11.32 Signal transmitted from
antenna to antenna and the alternative
route via a satellite.

Geostationary satellites

A satellite is an object that travels around the centre of the Earth in a circular path.
They are only useful for communication purposes if they stay in the same place.
The Earth completes a full rotation once a day and, in order to stay above the same
point on the Earth, a satellite must circle the Earth at the same rate and have the
same axis of rotation. To make this possible the satellites are positioned above the
equator. These are called geostationary satellites.
polar orbit | Figure 11.33 Comparison of polar

geostationary orbit and geostationary orbits. Polar satellites
SN can orbit the Earth at a height of only

A iy JNEE D S e L T 1000 km with a period of 2 hours.
e T S - Geostationary satellites are always
_________________________ above the same point and orbit the

Earth once a day at a height of
35 786 km.

Satellite TV

Geostationary satellites are used to transmit satellite TV stations. A TV
broadcasting company transmits a microwave signal at a chosen uplink frequency
. . . . The square of the time for the

(12-14 GHz) from a transmitter on Earth. The satellite receives the signal and ) i

. . ; satellite to complete one orbit
sends it back to Earth at a different frequency, the downlink frequency. The reason (time period) is proportional to the
for the change in frequency is to avoid interference with the uplink signal. On cube of the orbit radius.
reaching the Earth, the signal is focused using a parabolic dish and decoded with PR

. . o . . This means that satellites in low
a receiver. Since the satellite is far from the Earth, the signal will cover a large area. _ :

. L R . X orbits go around the Earth in less
Satellite TV uses a compressed digital signal; the high frequency (12-14 GHz) gives time than satellites in high orbits.

a broad bandwidth, allowing a rapid transfer of data. The signal from one satellite

Kepler’s Law

can transmit up to 200 TV channels.

Polar satellites

A polar satellite orbits the North and South Poles. These satellites have a much
lower orbit than geostationary ones and travel much faster. Using these satellites it
is possible to take a signal from one place on the Earth and transfer it to another,
this information could be stored and used later: every two hours you would receive
the information for the next hour of TV programmes. Alternatively, if several
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satellites are used, then the orbits can be arranged so that there is always one in

.
Wh llite is i | it, i . . . . . .
en sateliite s in polar orbit t view. This system is used to provide satellite TV for some areas of Russia that are

is possible to synchronize the orbit o . ) ) o
with the Sun, so that the satellite too far north to be in line with geostationary satellites positioned over the equator.
is always on the sunny side of the
Earth. This is an advantage if the

satellite is used for taking photos.

Since these satellites are much closer to the Earth they are much cheaper to put in orbit
and do not need to transmit such a powerful signal as the geostationary satellites.

Communication in remote areas

One of the benefits of satellite communication is that it is possible to reach

parts of the world that are inaccessible with land-based systems. After a major
earthquake or other natural disaster, the ground-based communication systems,
such as telephone wires and radio antennae, are often destroyed, making
communication impossible. Satellite systems are unaffected by such disasters and
are invaluable to rescue teams working in the area.

International understanding

Land-based TV systems lie within national boundaries whereas satellite systems
6 do not. Satellite systems, therefore, give many possibilities for cross cultural

The Outer Space Treaty: Signed . . . .
g Vo exchange. Viewers can watch news programmes with different perspectives,

by 98 countries, this is a legal < ) ) )
framework set up to control the entertainment from other countries, or foreign language programmes that can aid

use of outer space. To find more language education. Communication leads to understanding and international

information, visit communication leads to international understanding.
www.heinemann.co.uk/hotlinks,

enter the express code 4426P and .
click on Weblink 11.5. Environmental concerns

Using satellites for communication reduces the need to lay cables and/or

build many transmitter aerials on the ground. In this way it can be seen as an
environmentally friendly means of communication. However, to put a satellite into
orbit requires large amounts of fuel and so creates a large amount of pollution. In
addition, launch pads have to be built in places away from large cities and may be
in environmentally sensitive areas.

Colonizing space

There are ethical questions that need to be taken into consideration when using
satellites for communication. Who owns space? Is space owned by the first country
that put its flag there? Can anyone take over a piece of space for their satellite? What
if two countries want to use the same piece of space, who decides who can use it?

21 If the radius of a geostationary satellite is 42 000 km, what is the radius of a satellite with an orbit
of 2 hours?

22 What is the speed of the satellite in Question 217

23 If the radius of the Earth is 6400 km, what is the height of the satellite above the Earth?

Digitalizing everything

Most of the information we gain from our surroundings using our senses is
analogue information; that is it continuously varies rather than happening in
discrete steps. For example, when we use our sight to look at a scene, we see a
continuous variation of colour and intensity, or when we listen to music we hear
a continuous variation of frequency and loudness. We have seen in this chapter
how it is possible to convert analogue to digital signals and how it is then possible
to send this information with great speed along wires, optical fibres or via radio




waves from one place to another. So it is possible to take pictures and sounds,
digitalize them, process them with a computer then send them from one place to
another at the speed of light. This is the basis of the internet.

The internet

From the early days of computing in the 1950s it was possible to send data from
one computer to another, through a system called a network. The internet is far
more extensive than this, for every computer can communicate with all the other
computers that are connected. You may say this is just like the phone system.
However, when you use the phone, the wires are connected by a system of switches
called the telephone exchange. Once connected, your wires stay connected until you
put the phone down; this is called a circuit switching network. The internet became
a reality when packet switching networks became possible in the 1960s. Since the
signal between computers is digital it can be split into packets, compressed and
transmitted. When received it can be reassembled. As long as the bits are put back
in the correct order, the signal can be mixed up with other data and even sent along
different routes. So, unlike a telephone conversation where information is directed
from one person to another, the information on the internet can be transmitted

in bits. This packet switching system was developed by the military, so that vital
information could be easily spread accross different locations rather than being
stored on one vulnerable computer.

Advantages of the internet
Multiple communications

One of the main advantages of the internet is that you can communicate with many
people at the same time. For example, sending an email to all the people on your
address list, or posting an article for sale on eBay so anyone in the world can buy it.

Sharing information

With the internet came web pages which could be opened using a browser and
contained information in the form of text and pictures. This has made web-based
research, weblogs and social networking sites (such as Facebook and MySpace)
accessible to everyone with an internet connection.

Business

It wasn’t long after the initial development of the internet that businesses started
to see the possible benefits. With its own internet site even a small business can
advertise its products to the whole world. This is not only beneficial to the owners
of the business but also to the consumers who can now find products, compare
prices and even read consumer reports before deciding to buy something. The
buying process can take place online, with Paypal for instance, and then a check
on a bank balance can also take place online. With the advent of digitalizing and
encoding signals, it has been possible for the internet to handle secure information
such as credit card numbers and bank account details.

Some problems

One of the great things about the internet is the freedom it offers, for it isn’t
owned by anybody or run by anybody and anyone can use it. This of course,
isn’t quite true, since individuals must abide by the laws of the country they live
in. However, the web is worldwide and different countries have different laws.

A
Tim Berners-Lee, inventor of the World
Wide Web, who made his idea freely
available, with no patent and no
royalties due.

|

6 The internet was made possible by
rapid advancement of technology
but with its development have
come many unforeseen problems.
Are there some technologies that
are best left undeveloped and who
should decide whether to develop
a new technology or not?

Global perspective

Since the internet had no central
place or point of control, anyone
could make a web page and share
their experiences, knowledge, ideas
and opinions. A certain knowledge
of the programming language
HTML was required but soon many
individuals were mastering the
procedure and making their own
web pages. In recent years the
process has been simplified so that
any computer-literate individual
can make their own web page or
write a blog.
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Needless to say, this freedom of expression has brought its own problems, some of
which are outlined below.

Copyright infringement

As the speed of the signal increased it became possible to send not only pictures
and text but also sound and video files. This made it possible to share the latest
music and video; all it needed was for one person to buy a CD or DVD, copy it
onto their computer and allow the world to copy it. Although this is illegal, it can
be difficult to stop.

Pornography

In some countries around the world pornography is illegal. In the days before

the internet, pornographic material would have to be smuggled from country to
country. The internet opened up a whole new way of distributing pornography
that was instantly exploited. Apart from the problem of monitoring the legality of
content in different countries, there also came the problem of ensuring that the
material was not viewed by young children. The ‘Do not enter if under 18’ signs
probably did little to solve this problem.

Extreme views

An individual with extreme views living in a small community may not find many
people who share those views. However, with the world as an audience through
the internet it is very likely that groups of like-minded people will be able to come
together.

Gambling

The ability to exchange money online opened up the possibility of online
gambling. Here there is often no regulation, no doormen who check identity and
refuse entry to those who are under age or have had too much to drink. Gambling
online at home can take place 24/7 with no restrictions.

Plagiarism

Students writing essays (and authors writing books) have instant access to millions
of sources of information; they also have access to completed essays. Plagiarism is
nothing new but has become a bigger problem through the internet.

Spam
The ability to send emails to millions of people at the same time is open to abuse
by those pushing material and information on to people who don’t want it.

@ Electronics

Assessment statements

F5.1  State the properties of an ideal operational amplifier (op amp).

F5.2  Draw circuit diagrams for both inverting and non-inverting amplifiers
(with a single input) incorporating operational amplifiers.

FE5.3  Derive an expression for the gain of an inverting amplifier and for a
non-inverting amplifier.

F5.4  Describe the use of an operational amplifier circuit as a comparator.

FE5.5  Describe the use of a Schmitt trigger for the reshaping of digital pulses.

F5.6  Solve problems involving circuits incorporating operational amplifiers.




The operational amplifier

An amplifier is a device that takes a signal and makes it bigger. For example, an
MP3 player gives out a very small p.d. that produces sound you can hear using
headphones but not in your whole room. If you connect the signal from the MP3
player to an amplifier, then the signal can be made big enough to drive a large pair
of speakers. The amplifier needs energy from a supply, such as the mains, to power
the speakers. However, an operational amplifier, or op amp, can be made to do
more than amplify. It can be wired in different ways to carry out functions that are
the basis of many devices used in digital electronics.

The actual op amp is a small black rectangle called a chip. It has

8 numbered connecting legs although we will only use 5 of them.
Inside the chip is a complicated circuit with many transistors and
resistors etched onto a thin piece of silicon. Fortunately, you do not
have to understand all the internal parts; we are only concerned with
what happens to the output when we change the input.

In Figure 11.34, the inputs show where the signal is fed into the amp and the
output shows where the amplified signal comes out. In this diagram the supply is
shown to be 9 V. This is the maximum value that the output can be.

Open loop gain

If a very small p.d. is applied between the inputs, a large potential is created on the
Vo

(V+ - V—)

typically about 1 000 000 .

This would mean that if the p.d. between the input terminals were 0.01V, then the

output potential would be 10 000 V. This is not possible since the supply voltage

(9V) can not be exceeded.

output. The ratio is called the open loop gain of the amplifier. This is

In an ideal op amp, the open loop gain is infinite.

Inverting and non-inverting

If V. is bigger than V_ the output is +9 V. Since both are +ve, the +ve terminal is
called non-inverting.

If V_ is bigger than V, the output is —9 V. Since these have opposite signs, the —ve
terminal is called the inverting input.

non-inverting input

inverting input

4 Op amp chips.

+ supply (+9V)

output

2

supply (—9V)

no offset
connection +V output nyll|

[s] [7] [e] [5]

L 2] [ [
offset -V
null

A

Figure 11.34 The op amp symbol. The
numbers show how the 5 terminals of
the op amp are connected inside to the
legs on the chip.
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Figure 11.35 Inverting and non- ’
inverting amplifiers (note: supply not
shown).

Figure 11.36 The input impedance is ’
represented by R. The output is like a
battery with zero internal resistance.

1V Oo—— + +9V oV O— + -9V

ovOo— - 1VOo— —

non-inverting inverting

Input impedance

This is effectively the resistance that would be measured if a meter were placed
across the input terminals. For an ideal op amp this is infinite, therefore no current
flows into the inputs.

Output impedance

The output of the op amp is like a 9V battery: it can be used to power
loudspeakers, light bulbs and other devices. The output impedance is equivalent to
the internal resistance of the battery. In an ideal op amp this is zero. This means
that it can deliver a lot of current. To get a current to flow through a load resistor
there must be a p.d. across it; this is achieved by connecting the resistor between
the output and a wire at 0V. This is called an earth.

1VO—

0ovVO—

load resistor

current flows due to pd
between output and earth

oV

The ideal op amp

The ideal op amp can be summarized as having:

e infinite input impedance

¢ infinite gain

e zero output impedance.

No op amp is really like this but this assumption makes it easier to understand
how the following applications work.

24 An op amp with an open loop gain of 1 000 000 is connected to a 9V source. What will the
output be if:
(@) the potential of the non-inverting input is 5 wV?
(b) the potential of the non-inverting input is 5V?
(c) the potential of the inverting input is 5V?

Amplifiers

Using an op amp on its own is not very useful for amplifying music. If the open
loop gain is 1 000 000, then once the signal goes above 0.000 009V the output will
be a constant 9 V. An amplifier must be able to produce a signal that is the same
shape as the input but with larger amplitude.



9V
TmV TmVv

time time time

The non-inverting amplifier
Consider the circuit for a non-inverting amp shown in Figure 11.38. We know

that if the difference between V, and V_ is more than 9 uV the output will be a
constant 9 V. Therefore, we can say that the two inputs are about the same:

V+ =V. = Vinput

This means that the potential in the middle of R, and R, is also V.

If the current through this combination is I, then applying Ohm’s law to the

binati R d R, gi I= Voutput
combination R, and Ry gives I = =
Applying Ohm’s law to R,alone I = zpm
2

Voutput _ \/input

Equating gives =
AUANE EVS R ¥R, ~ R
o Yowpu _ Rt Ry R

Vinput RZ RZ

This is the gain of the amplifier.

Vinput O—
Voutput
§ vinput
no current here
since input
impedance is infinite R,
T 0 ov

25 Referring to the non-inverting amplifier in Figure 11.38 (the supply is 9V):
IfR, = 10kQ and R, = 1 kQ:
(@) What is the gain of the amplifier?
(b) If the input is 0.5V what will the output be?
(c) Calculate the current through R;.
(d) What is the p.d. across R,?

9V

time

A
Figure 11.37 Comparison of a signal
amplified open loop and a signal
properly amplified.

Simplifications

You may wonder how there can
be an output if the two inputs are
equal.

Well of course there wouldn't be,
this is a simplification to enable us
to be able to calculate the gain.

4 Figure 11.38 A non-inverting op amp.
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R oy R The inverting amplifier
Vinput O_:_’__:_>

Now consider an amplifier that gives an inverted signal as shown
in Figure 11.39. Again the difference between V. and V_ must
be very small, so let’s say they are equal. Since V, is connected to

Note: op amp is earth then V, and V_are equal to OV.

i V,
drawn with the + output

V.=V. =0
on the bottom
ov The potential at a point between R, and R, is therefore also 0'V.
Applying Ohm’s law to R, gives I = ;Pm
2
. . Voutput
ooV Applying Ohm’s law to R, gives I =
A R
. - , Vi V.
Figure 11.39 The inverting amplifier. . . __input _ Voutput
Equating gives I R R,
Voutput _ &
\/input RZ

Referring to the inverting amplifier in Figure 11.39 (the supply is 10V):

26 IfR, = 5kQ and R, = 1kQ
(a) Calculate the gain of the amplifier.
(b) If the input is 1V what will the output be?
(c) Calculate the current through R,.
(d) Calculate the p.d. across R..
A
0.5V A

>
>

1 0 30 time/ms

potential/V

Figure 11.40

27 If the signal shown in Figure 11.40 is applied to the input of the amplifier in Question 26
(@) What will the amplitude of the output be?
(b) What will the frequency of the output be?
1
time for a complete cycle')
28 Draw the output obtained if the rising potential shown in Figure 11.41 is applied to the input of
the amplifier in Question 26 .
29 If an inverting amplifier has a gain of 10, what will the value of R, be if R; = 5 k€)?

(Remember frequency =

A
4

potential/V
N
1

Figure 11.41 0 10 20 time/s




Comparator

A comparator compares two potentials. If the potential on the + (positive) input is

higher, then the output is +9V and if the — (negative) is higher, the output is —9V.

A simple fire alarm

Figure 11.43 shows a simple fire alarm that uses a thermistor to detect when the
temperature goes above a certain value.

®

2VO
R4 R2N thermistor
v dloc:e
I
v
R, R,
ovoO

At normal room temperature all the resistances are equal (R, = R, = R; = R,) so
both inputs equal 1V and the output is zero. If the temperature of the thermistor
increases then its resistance gets less, resulting in a smaller p.d. across it. The
potential to the + input will therefore rise, resulting in an output of 9 V. This will
cause the bell to ring. The diode prevents the bell ringing if the thermistor gets cold.

This circuit is very sensitive, so the bell will ring even if the temperature rises only
a small amount. The input can be set higher by varying the potential divider and

so making make the bell ring only when there is a fire.

30 An op amp can be used to ring a bell if the temperature of a room falls below a certain value. The

circuit is similar to the circuit in Figure 11.43 and uses a thermistor whose resistance varies with

temp according to Table 7.

Temp/°C Resistance/Q
17 146.6
18 1396
19 133.0
20 126.7
21 120.8
22 115.2
23 109.8
Table 7

(a) Suggest a way the circuit could be changed (involving the diode) so the circuit performs this

task.

(b) What are the values of R;, R; and R, so that the bell rings if the temperature drops below 18°C?
(c) If the temperature falls to 17°C, how much current will flow through the thermistor?

(d) At 17°C what will the potential at the + input be?
(e) At 17°C what will the output of the op amp be if the supply voltage is 9V and the gain is

1000000?

2VO—

TVO—

+ +9V

1IVO——+ -9V

2VO— -

A

Figure 11.42 Anopampasa

comparato

< Figure 11.

r

43 The circuit for a simple

fire alarm includes a thermistor. This

is a semi-conducting device with a
resistance that goes down when its
temperature increases. It also includes a
diode which only allows current to flow
in the direction of the arrow.

Remember

R, and

R, are a potential divider so

the potential divider equation

Vs =

can be

Ra
BT
used.
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Schmitt trigger

A Schmitt trigger is a type of comparator that switches to a high output when the
input is above a given value (upper threshold) and only switches to a low output
when the input gets lower than another low value (lower threshold). For example,
if the thresholds are +1V and —1V, then if the input is above 1V the output is
+9 V until the input drops below —1V when the output changes to —9 V. When
the input is between +1V and —1V, the output is +9V if it is on the way down
and —9V if on the way up. In this way the comparator remembers what its
previous state was; this is called hysteresis.

Figure 11.44 The input and output of ’ . IA
a Schmitt trigger and the relationship output potentia
between these shown on the hysteresis
curve. +9V
3
-1V +1V  input potential
symbol for Schmitt trigger
-9V >

potential A

output potential

/ input potential
+1V \ high threshold
\ / time
-1V low threshold
“——/ output \/

H—"H upper Uses of the Schmitt trigger
threshold

lower One of the applications of a Schmitt trigger is for reshaping digital signals,
""""""""""" threshold especially to remove noise (see Figure 11.45).

»

A I

Figure 11.45 The noise on this digital

signal is represented by the rapid 31 The potential in Figure 11.46 is connected to the input of a Schmidt trigger with an upper
variation on the signal. The Schritt threshold of +1V and a lower threshold of —1V.
trigger switches the output to high Draw a graph of the output if the power supply to the op amp is 9V.

when the input goes over the upper

threshold and stays high until it goes 5 1
below the lower threshold and so g :
removes the noise. > 21
s 7
)
E 0 T T /\ T T
g —1- 5 1 15 Mme/s
S _5 |
Q
—3 4
—4
—5

Figure 11.46




@ The mobile phone system

Assessment statements

F6.1  State that any area is divided into a number of cells (each with its own
base station) to which is allocated a range of frequencies.

F6.2  Describe the role of the cellular exchange and the public switched
telephone network (PSTN) in communications using mobile phones.

F6.3  Discuss the use of mobile phones in multimedia communication.

F.6.4  Discuss the moral, ethical, economic, environmental and international
issues arising from the use of mobile phones.

The mobile phone system

The mobile phone is a combination of two technologies: radio and telephone.
These have been in use since the 1880s but the progress in the technologies is in
the size and functionality of modern mobiles. For instance, a mobile can be a
camera, an MP3 player, a calendar and an alarm clock as well as a phone. What are
the developments that have made this possible?

The land phone system

The land-based telephone system today is very complicated and can perform many
functions. However, the principle (and a lot of the wiring) is still the same as in

the early days. In the early 20th century the phones in each town were connected
to an operator and the operators in each town were connected to each other.

When the phone was picked up a bulb would light up in a plug on the operators’
switchboard and an operator would plug their headset into your line and ask who
you wanted to speak to. If

it was to someone in the | Telephone operators routing calls at a
same town then the operator local exchange in the early 20th century.
would simply connect the

two phone lines together but

if it was further away then

the operator would contact

a second operator who

would connect you. A long-

distance call could involve

many operators. Today the

system has been replaced

by electronic switches and

when a number is dialled

each digit is recognized

and the caller is connected

to the receiver. This can

involve local, national and

international exchanges. The

complete system is called

the public switched telephone

network or PSTN.
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Figure 11.47 Sound can be

>

superimposed on a carrier frequency by
changing the amplitude of the carrier to
match that of the sound. This is called

amplitude modulation.

A cell is the local area covered by
one of the short-range transmitters
in a cellular telephone system.

The original mobile phones
received an analogue signal via a
radio wave but the switching of
the signal was digital. The modern
phones use a higher frequency
radio signal which has a digital
signal superimposed on it. In this
way many more channels can be
opened enabling several hundred
communications to take place
simultaneously through the same
antenna.

O

O

Radio telephone communication

Radio uses low frequency electromagnetic waves to transmit signals, rather than
electric current in wires as used by telephone. Radio waves spread out in all
directions, so caller and receiver cannot be connected together using switches and
wires. Instead, each caller and receiver choose a certain frequency and the sound
is then superimposed on this carrier frequency and transmitted. Some of the
drawbacks with this system are that anyone may tune in to a conversation, and
the transmission has a fairly short range unless you use a very big antenna and a
powerful transmitter. In fact, it has been possible to connect a radio to the phone
system in this way for many years. Each connected city had an antenna that could
transmit and receive the signals from each radio phone and each phone had a
selection of some 25 different frequency channels. So only 25 people could use the
radio telephone system at any one time, and they had to be near a radio antenna!
Also, the phones were huge as they had to have a powerful transmitter that needed
a large battery.

/_\/\_/ signal to be modified (e.g. speech or music)
WWMNWWMMWWMMWNMNWMM carrier radio signal of higher frequency

carrier wave amplitude modulated by speech
or music information

time

The cell phone

Modern mobile phones are radio transmitters in the same way as the old radio
phone systems, but operate using cells, hence the name cell phone. As we have seen,
the main problems with a radio telephone communication system are the need
for a powerful transmitter and the limit on the number of users at any one time.
If each city had 100 small antennae then this would increase the number of users
and also take away the need for mobiles to have powerful transmitters. It would
mean that if you were moving around across several cells whilst talking on the
phone (the whole point of a mobile phone) you would need to be switched from
one transmitter to another. To prevent a break in the conversation, this switching
would need to be done quickly and automatically. It is only recently that computer
technology has been able to perfect the switching process, enabling cell phones to
become very much part of modern life.

How the cells are arranged

A city is split up into many small units, or cells, of hexagons each with an area of
about 26 km? to enable a mobile phone to get coverage of the whole city. This is
because a mobile has quite a weak transmitter and only has an operating distance
of about 7 km (see Figure 11.48).

A mobile phone company is only allowed to use a limited range of frequencies
(between 824 MHz and 894 MHz) so that phone calls don’t interfere with radio
transmission. This range will give the company about 800 channels that it can use.



Each conversation must use two channels (full duplex); otherwise it would not

be possible for the two people to talk at the same time. This limits the channels to
400. The seven cells that are closest to each other (the pink and yellow) cannot use
the same bands, so the 400 available are split into 56 channels per cell. In this way
the channels are organized so that no matter where you are, you cannot receive the
same signal from two transmitters/antennae. The cells using the same channels
(see Figure 11.48) are arranged so they are not next to each other. One advantage
of this system is the ease with which it can be expanded to cater for more users.
More channels can be added by simply reducing the size of the cells.

Receiving a call

When you switch on your mobile it sends out a signal, this isn’t one of the 400
conversation bands but another band that has been reserved for this purpose.

All the antennae in range in the cells will receive this signal but only the one that
gets the strongest signal responds, and then only if you are a member of the right
network. If you move to another cell then another antenna gets the strongest
signal and knows to direct any calls to this new position.

b |
E

Tracking

For the digital switching system to operate, the transmission towers/antenna of
the cell you are in and all the cells that you might go into need to be receiving your
signal. The antenna with the strongest signal is the one which relays the phone

call to you, but the others ‘know you are there’. From the strength of the signal it

is possible to calculate how far you are from each of the antennae and then some
simple geometry will define your position.

/1N

4km 4km

A 6km B

ol

4 Figure 11.48 In this arrangement

of cells a phone in a pink cell is close
enough to receive signals from all the
transmitters (antennae) in the yellow
cells but not the green ones. The pink
and yellow cells cannot, therefore, use
the same channels. The cells with the
same number use the same channels
and are arranged so they are not next
to each other. If you start in position

A you will receive a signal from pink
cell 1 that will inform you that you are
connected to the network. Any calls
will be directed to pink 1 but if you now
walk from A to B the signal to yellow 4
will become the strongest and the call
will now be transferred to yellow 4.

< Figure 11.49 |[f you are 4 km from A,

4km from B and 6 km from C you must
be at point X.
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The use of mobile phone tracking
to catch criminals is often used in
crime series on the television. This
gives the impression that the police
are doing it all the time. Maybe
reality isn't quite the same.

O

3G

The latest cell phones are known as third generation or 3G. These use not only
digital switching but also a digital signal to enable the transfer of more than just
conversations. 3G phones can open web pages, search the internet, download
video files and pictures. Since the phone itself is a digital device, it can also process
data and communicate with a computer — in fact it is closer to a computer than a
telephone.

Advantages and disadvantages of the cell
phone

Mobile communication

The obvious advantage of the cell phone is the possibility of communicating
on the move. Before the introduction of the mobile phone you would have to
be at home or in an office if you wanted to communicate with someone, unless
you were one of the few people able to afford a radio phone (for conversations
only, not text). When travelling, a phone box was the most common way to
communicate (providing you had some coins in your pocket).

Not only can you talk whilst on the move, but digital technology has opened the
doors for sending texts as a cheap and efficient way of communicating, or pictures,
photos and video clips.

Tracking

It has been possible to track a mobile phone user’s movements since the birth

of cellular technology, but this was not the original purpose of the technology
and so this facility has only been available to the police and emergency services
until recently. Now it is available to the public and for a small fee you can receive
information on the position of a mobile. It is easy to see how the police may have
tracked criminals and how emergency services may have rescued lives. However it
is not difficult to see how this can be abused.

Bringing people together
It is a relatively simple and cheap process to set up a cell phone network compared

to running wires from house to house. This has meant that it has been possible to
introduce mobile phones into areas that have not had communication before.

Mobile phone etiquette

Following close on the heels of the development of mobile phone technology has
been the development of the social etiquette for its use. It has become accepted
that there are places where the use of a mobile is not desirable and many stores,
theatres and other public places now have signs asking the public to turn off their
phones before entering. This avoids irritating ring tones, loud conversations,
disturbances in hospitals, and interruptions to concert and theatre performances.

Social alienation

The mobile phone is a method of communication so it might seem strange that
its use could lead to social alienation. However, there are certain things that are
easier to say within a text message than face to face. Does the use of mobile phones
and texting reduce the amount of time that people spend talking to each other?



It is interesting to consider whether groups of young people sitting together and
texting others rather than talking to each other has resulted in an increase in
communication by including people who can’t be there, or resulted in an decrease
in communication between members of the group? Whatever the answer, the
mobile phone has certainly changed the way we communicate.

Health

There has been a lot of talk in the media about the possible dangers of

using a mobile phone. Reports mention possible links between exposure to
electromagnetic radiation and cancer. However, concentrating on the physics,
when the high frequency radio waves are absorbed by the human body, they will
cause a slight rise in temperature, but the energy is not high enough to excite the
atomic electrons that would be necessary to cause chemical changes.

The greatest health risks for mobile phone users are those related to the increased
stress of being contactable 24 hours a day.

Environmental problems

To set up a cell phone network requires the building of antennae. This is not
normally a problem in cities, where they can be put on top of existing buildings

or even hidden inside church spires. However, in rural areas, the antennae are
unsightly and often unwanted. Another environmental problem associated with
this rapidly changing technology is the disposal of phones. Before the birth of
mobile technology, when you bought a house, the phone came with it, and the

life of the phone could be thirty or forty years. There were of course new styles of
phone on the market but since few people would ever see your phone, it wasn’t so
popular to keep up with the new designs. The mobile is not just a phone but has
become a fashion accessory and a status symbol. New models come out every week
and old models look dated after a year. The life of a mobile is on average about

18 months, which means in a country the size of the UK around 15 million phones
are discarded each year. Mobiles phones contain cadmium, rhodium, palladium,
beryllium and lead solder, which are all highly toxic. For this reason, phones
should be recycled and not thrown into the bin.

.
6 Itis very difficult to collect scientific
data on the health effects of

mobile phones. As it is not ethical
to expose humans to higher and
higher levels of high frequency
radio waves until they develop
symptoms, the data on health and
mobiles comes from people who
have become sick and have used
mobile phones. It is difficult to say if
the mobile phones have been the
cause of the illness.

< Amobile phone antenna shaped
like a tree to make it blend into the
environment!!
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Practice questions

1 This question is about refractive index and critical angle.
The diagram below shows the boundary between glass and air.

glass air

(@) On the diagram, draw a ray of light to illustrate what is meant by critical angle.

" _n

Mark the critical angle with the letter “c”. (3)

A straight optic fibre has length 1.2 km and diameter 1.0 mm. Light is reflected
along the fibre as shown below.

< 1.2km

At each reflection, the angle of incidence is equal in value to the critical angle. The
refractive index of the glass of the fibre is 1.5.

(b) Deduce that the length of the light path along the optic fibre is about 1.8 km. ~ (4)
The speed of light in the fibre is 2.0 X 108 ms".

(c) Calculate the time for a pulse of light to travel the length of the fibre when

its path is
(i) along the axis of the fibre (1)
(i) as calculated in (b). (1

2 This question is about amplitude modulated waves.
The sketch below shows the voltage—time graph for an amplitude modulated wave.

T 1
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The frequency of the carrier signal is 60 kHz.
(a) Calculate the frequency of the information signal. (2)
(b) Estimate the modulation index. (1




(c) If the maximum amplitude of the modulated signal is 2V, what is the amplitude of
the information signal? (1)

(d) On the axes below, draw the power spectrum of the signal.

power

40 50 60 70 80
frequency/kHz ()

3 AnAM radio station is transmitted with a carrier frequency of 198 kHz. The signal has a

range from 100 Hz to 3.5 kHz. (2)
(a) Calculate the bandwidth of the signal. (2)
(b) Sketch the frequency spectrum of the signal. (2)

(c) Complete the system diagram of a simple AM radio receiver.

Aerial
Speaker
RF. Demodulator
amplifier
(d) Explain the function of the RF amplifier. (1)
(e) Explain the function of the demodulator. (1)
4 Consider the following OP amp circuit.
500kQ
20kQ
+
Vin
VOLIt
O O OV
(@) s this an inverting or non-inverting amplifier? (1)

(b) Calculate the gain of the amplifier. (2)
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5 (a) The graph below shows an analogue signal.

This signal is sampled at 500 Hz. Fill in the table below giving the voltage level and

6

pd/NV 3

time/ms

equivalent 3-bit binary code each 2 ms.

(b) Give one advantage of storing music in digital rather than analogue form.

6 This question is about the cell phone network shown in the diagram below.

(a)

(b)
(c)

(d)

Time/ms

Voltage level

Binary

0

(O |~ |N

10

12

If you are in cell 6 which transmitters can you receive signals from?
The frequency of the carrier signal is 60 kHz.

Explain why adjacent cells cannot use the same frequency.

Describe what happens if you walk from cell 6 to cell 5 whilst you are talking

on the phone.

Give one environmental problem related to cell phone use.

(4)
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The nature of electromagnetic (EM)
waves and light sources

Assessment statements

G.1.1  Outline the nature of EM radiation.

G.1.2  Describe the different regions of the EM spectrum.

G.1.3  Describe what is meant by the dispersion of EM waves.

G.1.4  Describe the dispersion of EM waves in terms of the dependence of
refractive index on wavelength.

G.1.5 Distinguish between transmission, absorption and scattering of
radiation.

G.1.6  Discuss examples of the transmission, absorption and scattering of EM
radiation.

G.1.7  Explain the terms monochromatic and coherent.

G.1.8 Identify laser light as a source of coherent light.

G.1.9  Outline the mechanism for the production of laser light.

G.1.10 Outline an application of the use of a laser.

The origin of EM radiation

If your physics teacher were to bring a charged object into
class, it would make your hair stand on end, not because

it is frightening but because your hairs would be repelling
each other. The way we explain how this can happen, even
though the object is not touching you, is by defining an
electric field. This is a region of space where we feel the
effect of electric charge. Students at the back of the room
wouldn’t feel such a large effect since the field gets less

with distance. If the charge is now moved away from the
students everyone will feel a change, the field will be weaker
and everyone’s hair will go down. This spreading out of
disturbance is like the spreading out of a water wave when a
stone is dropped into a pool of water, except the disturbance
is of an electric field not the surface of water.

When a charge is moved, a second field is created, a

magnetic field. (This is what happens when a current flows

through a wire.) The direction of the magnetic field is

perpendicular to the electric field. The result is that when

a charge is moved, a changing electric and magnetic field

spreads out. If this disturbance meets a different medium

we find that it is reflected and refracted. When it passes through a small opening, it
is diffracted and two different disturbances interfere. These are the properties of a
wave so this is called an electromagnetic wave.

—lectromagnetic

(Option G)

A

Scottish physicist James Clerk Maxwell
(1831-1879) who discovered the
magnetic field associated with a

changing electric field.



direction of current

direction of
magnetic field

A

Figure 12.1 The right-hand grip rule.
If a wire is gripped as shown, the fingers
show the direction of the magnetic
field and the thumb shows the current
direction.

Figure 12.2 An alternating current
produces a radio wave.

A

Electromagnetic waves

>

The PhET simulation ‘Radio Waves' o

shows the components of a wave.
To view, visit www.heineman.co.uk/
hotlinks, enter the express code
4426P and click on Weblink 12.1.

Figure 12.3 Since there are many
electron energy levels in an atom this
leads to the emission of light with many
different frequencies, each frequency
corresponding to a different colour.

>

Creating an electromagnetic wave

An electromagnetic wave can be created by passing an alternating current through
a wire as shown in Figure 12.2. Waves created in this way are called radio waves.
James Maxwell found that it was not the moving charge that caused the magnetic
field but the changing electric field that was causing the charge to move. This
explains how electromagnetic waves can travel through a vacuum: the changing
fields induce each other. Maxwell also calculated that the speed of the wave in a
vacuum was approximately 3 X 103 m s~ !. This value was about the same as the
measured value for the speed of light, so close in fact, that Maxwell concluded that
light was an electromagnetic wave.

electric field

I

@ alternating current

| magnetic field

How light is produced

The difference between light and radio waves is the frequency. Light waves have a
much higher frequency than radio waves. However, it is not possible to produce
light by simply moving a charge up and down very fast, as it is not possible to
change the direction of charge quickly enough.

Light comes from the individual atom. Atoms contain electrons that can exist in
different energy levels. When an electron changes from a high energy level to a low
one it gives out energy in the form of electromagnetic radiation. The frequency of
the light, f; is related to the change in energy AE by the equation:

AE = hf

where i = Planck’s constant 6.6 X 10" m?kgs™!

E3

red

E2

blue

E1—

Even higher frequencies
Electron energy levels are in the order of 10 eV. Thisis 10 X 1.6 X 107" ].

Using the formula AE = hf, an energy change of 10 eV will give rise to light with a
frequency of 2.42 X 10" Hz. However, EM radiation with much higher frequency,
over 10%° Hz, does exist. This would need an energy change in the order of MeV,
much greater than electron energies. Radiation with such high energy comes from
the nucleus.




1 Calculate the frequency of light emitted when an electron changes from an energy of 10 eV to

6eV.

2 Anatom has electrons that can exist in 4 different energy levels, 10eV, 9eV, 7eV and 2 eV.

Calculate:

(a) the highest frequency radiation that can be produced

(b) the lowest frequency radiation.

3 What energy change would be required to produce EM radiation with a frequency of 1 X 10'8 Hz?

The electromagnetic spectrum (EM spectrum)

Wavelength

The frequency of electromagnetic waves can range from almost 0 Hz up to 10 Hz.

The speed of all electromagnetic radiation is 3 X 108 ms~!. Using the formula
v = fA we can calculate the wavelength of the waves.

ultra high-frequency —

(UHF) .
500 MHz —
very high-frequency —
(VHF) 1
100 MHz_|
50 MHz |

1000 MHz

JurF

-
743
FME

VHF
26

N s
L [S)
Z 3
c [J]
g )
g 2
;:9 gamma-rays [~0.01 nm
10"
— 0.1 nm
1018
X-rays L 1 m
107
—10n
10"
ultraviolet
—/100 nm
10"°_f——=
visible — 1000 nm
near
101 1 um
infrared —10 u
103
thermal IR |-100 um
102
farIR[ ;1000 um
10M_] Tmm
, |microwaves —1cm
10" satellite tv
—10cm
10°
TV 1 m
10° radio
10m
—100 m
100 AM
—1000 m
long-waves

400 nm

500 nm

600 nm

700 nm

4 Figure 12.4 The electromagnetic
spectrum. Waves can be classified in
terms of their wavelength. Each range
of wavelength has a different name,
different mode of production and
different uses.

@ Examiner’s hint: Note that the
regions are not clearly separated. For
example, there is considerable overlap
between X-rays and gamma rays.

Why do humans use the visible
range of frequencies to see?

With all these different types of EM
radiation you may wonder why we
use the frequencies we do. Well,
most of the light we use to see
comes from the Sun. This contains
many more frequencies than just
the visible light; however most of
the frequencies are absorbed when
the radiation passes through the
atmosphere. It's also true that if we
used radio to see then we would
have to have antennae instead of
eyes and that wouldn't look very
attractive!
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Table 1 The visible spectrum. ’

Worked example

What is the wavelength of green light with a frequency of 6 X 10 Hz?

Solution

Rearranging v = fA gives A = 1?/.

so the wavelength of green light = 3100 m
6 X 101

A =500 X 10°m

Radio waves

Radio waves are produced from an alternating current in a tuned electrical circuit.
Radio waves are used in communication; they are split into smaller subdivisions
according to frequency. High frequency waves can carry more information per
unit time than low frequency waves, so they are used for the rapid transfer of
information required by satellite TV and the internet. Low frequency radio is used
by the traditional radio stations.

Microwaves

Microwaves are produced by oscillations of electrons in a vacuum. The EM wave
produced resonates in a hollow metal tube to produce a beam. Microwaves are also
emitted when certain semiconductors are excited. Water molecules have a natural
frequency of 2450 Hz, so will resonate with 2450 Hz microwaves, leading to an
increase in KE and hence temperature. Microwaves of this frequency are used in
cooking. Since microwaves have a high frequency they can be used to transfer data
at the speed required for satellite TV broadcasts and short-range internet links.

Infrared

When a body is given heat, the internal energy of the body increases; in

other words the atoms gain energy. Atoms can lose this energy in the form

of electromagnetic radiation. The frequency of the radiation depends on the
temperature of the body. Bodies at room temperature give out radiation at around
10*Hz. This is classified as infrared. Infrared is used in TV remote controls and
optical communications. It is also used in night vision binoculars to see warm
objects in the absence of visible light.

Visible light

Visible light is in the range of frequencies that our eyes are sensitive to. Our brains
respond to different frequencies by seeing them as different colours: red is the
lowest frequency and blue the highest.

Colour | Wavelength
violet 380-450 nm
blue 450-495nm
green 495-570nm
yellow 570-590 nm
orange 590-620 nm
red 620-750 nm




Ultraviolet

Ultraviolet radiation is produced by high energy electron transitions. Ultraviolet
cannot be seen but does cause the emission of visible light from some substances.
This is why white clothes glow when illuminated by ultraviolet disco lights.

X-rays

X-ray radiation is high frequency radiation emitted when high energy electrons
collide with a metal target. X-rays affect photographic film and can pass through
matter. A photograph taken with X-radiation will therefore reveal the inside of an
object. This has many applications in medicine.

Gamma radiation (y)

Gamma radiation is emitted when a nucleus loses energy after a nuclear reaction.
These energies are typically in the order of MeVs resulting in radiation with a
frequency in the region of 10°°Hz. Gamma radiation is even more penetrating
than X-rays.

Use the spectrum in Figure 12.4 to find out what type of radiation the following wavelengths would
be and calculate their frequency:
4 430nm

5 375m
6 10um

7 1nm

The interaction of EM radiation with matter

Transmission/absorption

When EM radiation is produced, changing electric and magnetic fields
spread out in three dimensions from the source: we say that the wave is
transmitted through the medium. The intensity of a wave is the power per
unit area, as the wave becomes more spread out its intensity becomes less.

If the power in the whole wave is P then at a distance r this power is spread

over a sphere of area 47772, The intensity, I, at a distance, 1, is
1

r?

therefore I = 1 P In other words I «

ar
This is called an inverse square relationship.

As the wave spreads out it interacts with atoms of the medium.

If an interaction takes place the radiation is absorbed. This can only
happen if the energy given up (AE = hf) is the correct amount to excite
the medium. This is why: microwaves are absorbed by water molecules;
IR radiation is absorbed by atoms in solids; and UV radiation is absorbed
by the ozone layer. However, the energy in an X-ray is too high to excite
an atomic electron and it can pass through most solids.

Radio waves spread out in a sphere >
centred on the source.
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Reflection

When EM radiation lands on an object it will either be absorbed or
transmitted. On absorption the radiation can be re-emitted and this is called
reflection. The colour of objects can be explained in terms of reflection and
absorption of different wavelengths of light. If a mixture of red, blue and
green light is shone onto a blue object the red and green is absorbed but the
blue is reflected.

Refraction

EM radiation travels at different speeds in different mediums. When a wave
passes from one medium to another the change in speed causes its direction
to change. This explains why a ray of light bends when it passes through a
block of glass.

A
Dispersion of light by a prism.

Dispersion

The angle of refraction is dependent on the wavelength of the radiation. If red light
and blue light both pass into a block of glass the blue light bends more than the red.
This is why rainbows are produced when white light passes through a prism.

Figure 12.5 When white light is > prism
passed through a prism then blue light
is refracted more than red light.

white light red

blue

8 Ifalight bulb emits 50W of light what will its intensity be at a distance of 10 m?

9 Ifintensity of the radiation from the Sun reaching the Earth's atmosphere is 1400W m~2and the
Sun'is 146 X 10° m from the Earth, calculate the power of the Sun.

Scattering

When light interacts with small particles such as air molecules or water droplets, it
is re-emitted at a different angle, and this causes the light to be scattered. The angle
of scattering is dependant on the wavelength of light. Blue light is scattered more
than red, this is why the sky and glacier ice look blue.

You can see this glacier because light }
from the Sun (above) is scattered

sideways by the ice. The blue colour is
because blue light is scattered most.




EM radiation and health

When electromagnetic radiation is absorbed by human tissue the effect is
dependent on the wavelength.

Radio - microwave

When radio waves are absorbed by the body, they cause a slight heating, but do
not change the structure of the cells. There seems to be no physical reason why
they should cause illness, but cases of illness have been attributed to closeness to

a powerful source of radio waves such as a radio antenna. The higher frequency
of microwaves used in mobile phone communication means that the heating
effects are greater but the power of the signal is weak. There is some evidence that
a mobile phone held close to the brain for a long period of time might cause some
damage. There is, however, significant risk for people dependent on electronic
devices such as pacemakers that interference from strong sources of radio signals
can result in malfunction.

IR

The heating effect caused by infrared radiation is significant: exposure to IR can
result in burns but low levels of IR cause no harm.

Light

High powered sources of visible light, such as lasers, can damage the eyes and burn
the skin.

uv

Exposure to ultraviolet radiation triggers the release of chemicals in the skin

that cause redness and swelling. The effect is rather like a burn, hence the name
sunburn. UV radiation can also change the structure of the skin’s DNA leading to
skin cancer.

@

It has been reported that the
incidence of cancer is higher

than normal in a couple of towns
that are built close to high power
electricity cables. Does this prove
that electric fields cause cancer
even though the physical principles
would suggest not?

< Ouch!

This site produced by the health
protection agency in the UK
contains some useful information
about radiation and cancer. To
access, Visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 12.2.
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X-ray and vy ray

Both X-rays and vy (gamma) rays have enough energy to remove
electrons from atoms; this is called ionization. When radiation
ionizes atoms that are part of a living cell it can affect the ability

of the cell to carry out its function or even cause the cell wall to be
ruptured. If a large number of cells that are part of a vital organ are
affected then this can lead to death. To prevent this there are strict
limits to the exposure of individuals to these forms of radiation.

Sources of light

Light is produced when atomic electrons change from a high energy
level to a low one. Electrons must first be given energy to reach the
high energy level. This can be achieved in a variety of ways.

The light bulb

A light bulb consists of a thin wire filament enclosed in a glass ball.
When an electric current flows through the filament, energy is
transferred to the filament. This causes the filament to get hot and
electrons to become excited (lifted to a higher energy level). Each
time an excited electron falls back down to its low energy level a

A pulse of light is emitted, and these pulses are called photons.
The glowing filament of a light bulb.

atoms give out photons of light
when they become de-excited

Figure 12.6a An incandescent light }

bulb o =) '\ )
/. ® ® e ® Y

excited atom LH unexcited atom \

The discharge tube

A discharge tube is a glass tube containing a low pressure gas. A high potential
difference created between the ends of the tube causes charged particles in the
gas to be accelerated. When these fast moving particles interact with the other gas
atoms they excite atomic electrons into high energy levels. When the electrons
become de-excited light is emitted.

. ) »
Figure 12.6b A discharge tube | 4 wtom gives out photon when de-excited
+ ) -
— + / - —
4 charged atom Q _
n accelerated 7
@ atom excited

The fluorescent tube

As you can see from the photograph of the discharge tube containing mercury
vapour, it does not produce much light. However, a large amount of radiation




in the UV region is emitted. This

is invisible to the human eye, but
if the inside of the tube is coated
with a substance that absorbs UV
radiation and gives out visible light
(fluorescence) then this invisible
radiation is converted to light. The
result is a much brighter light.

This is the principle behind the
common strip light, properly called
a fluorescent light.

The amount of light from a
discharge tube containing mercury
vapour is low but the UV radiation
is high.

UV absorbed by atom of fluorescent coating
which gives out visible radiation when de-excited

@ © o
UV photon given out by
mercury atom
+ —_
o
— + . / — —
+ 7 -
+ @ ) _

The laser

The laser uses a material with atoms that are able to stay excited for a short time
after excitation, e.g. ruby. Electrons are first pumped up to the higher level by a
flash of light. This is called population inversion, since there are more excited
atoms than non-excited. The excited ruby atoms then start to de-excite, giving out
photons of light. This happens in all directions, but some will be emitted along the
length of the crystal. These photons will travel past ruby atoms that are still excited
causing them to de-excite. The result is an amplification of the light, hence the
name LASER (Light Amplification by the Stimulated Emission of Radiation). The
amplification can be increased by half silvering the ends so that light is reflected up
and down the crystal.

11 fluorescent tube 1]

ruby crystal
(] e © () Y‘y () PY (]

[ — | T’tUbe flashes

I EEEEEEEEEEEEEEEEEEERR
|‘ ) (<] (<] P () P @ | — electrons pumped
into high energy
level
[ [ A [ D @® | de-excited atoms
|‘ ° LJ L give out photons

A

To view this simulation of a
discharge tube, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 12.3.

< Figure 12.6¢ A fluorescent tube.

To view this laser simulation, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 12.4.

< Figure 12.7 The tube flashes,
pumping the ruby atoms into the
high level. As each photon passes an
excited ruby atom it de-excites and
another photon is emitted. This is called
stimulated emission of radiation because
the atoms are being stimulated to give
out radiation by the passing photon.
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non-coherent photons

S35

A

coherent monochromatic photons

A
Figure 12.8 The difference between
coherent and non-coherent light.

A laser used to scan a face. ’

Properties of laser light

Monochromatic

Unlike other light sources, each photon of laser light has the same wavelength; this
means the laser is a single colour or monochromatic. Light sources giving many
wavelengths are white.

Coherence

When a light bulb emits photons, they are emitted randomly in different directions
and with different phase. Each laser photon is emitted in the same direction and
phase; this is called coherence.

Use of lasers

Laser light consists of a parallel beam of coherent light. This means if the beam
is split into two parts then, when those two parts are brought together, the
interference effects are stable. This property of laser light makes it ideal for the
following applications:

e bar code reader

e CD/DVD reader

e production of holograms.

The beam can also be made very intense and the fact that it is parallel means that
the intensity does not decrease significantly with distance. This makes it possible
to use the laser for:

e surgery
e welding
e communications

e measuring devices.



@ X-rays

Assessment statements

G.5.1 Outline the experimental arrangement for the production of X-rays.

G.5.2 Draw and annotate a typical X-ray spectrum.

G.5.3 Explain the origins of the features of a characteristic X-ray spectrum.

G.5.4 Solve problems involving accelerating potential difference and
minimum wavelength.

Production of X-rays

An X-ray tube is similar to a discharge tube; electrons are accelerated by a
potential difference and when they collide with atoms, they excite them, causing
them to emit EM radiation. However, X-rays have higher frequency than light
waves (therefore higher energy) so the electrons must be accelerated by a higher
potential. Also, to have more complete energy transfer, the electrons must collide
with the atoms of a solid rather than a gas. The components of an X-ray tube are
shown in Figure 12.9.

X-ray photons

B

(o] a v
heater supply “\_  hot filament % coolant
o © @Lzu;_»

anode

accelerating supply V

Electrons emitted from the hot filament are accelerated towards the anode by a
high p.d. When they hit the anode, the KE of the electrons is given to the metal
atoms of the anode. This increases the KE of the anode atoms (causing it to get
hot) and also excites atomic electrons. Excitation of atomic electrons leads to the

emission of photons. If the KE of the electrons is big enough, these photons can be

in the X-ray region.

Accelerating potential

X-rays are classified as EM radiation with a wavelength from 10 nm to 0.01 nm.

This is equivalent to a frequency from 3 X 10*Hz to 3 X 10" Hz. The energy of the

lowest frequency X-ray can be found using the equation for the energy of a photon:
E=hf=1.98 X 10717] (or 124 eV)

According to the law of conservation of energy, if this energy has come from the
KE of an electron, the electron must have KE = 1.98 X 10~177J.

This KE has come from the electrical PE = Ve = 1.98 X 10717]
So V=124V.

The p.d. required to produce a photon of this energy is therefore 124 V. In practice,

X-ray tubes operate at potentials of around 50 kV.

< Figure 12.9 An X-ray tube. The
electrodes are mounted in a vacuum
tube so that the electrons can be
accelerated without hitting gas atoms.




Figure 12.10 The X-ray spectrum
for molybdenum from a tube with
accelerating p.d. 412V.

Figure 12.11 Possible energy level
changes associated with X-ray emission.

Figure 12.12 X-ray spectra for
molybdenum and copper.

Hardness

The hardness of X-rays is a measure
of their penetrating power. Hard
X-rays are more penetrating and
have a shorter wavelength than
soft X-rays.

Electromagnetic waves

The X-ray spectrum

} intensity

characteristic peak

continuous spectrum

T T T T T T
0 2/ 4 6 8 10 12 wavelength/X10"""m
minimum 4

Characteristic peaks

The characteristic peaks in the spectrum are due to emission of photons by atomic

electrons in the target material. The frequency of these photons is high, so the
atomic electrons must have undergone a big change in energy, such as the ones
shown in Figure 12.11. If an electron is excited from the lowest level (K shell) to
one of the next two levels, then the photon emitted when that electron goes back
down again will be an X-ray photon.

> electron energy

These peaks are different for different target materials, since each element has
different electron energy levels.

> intensity

molybdenum

copper~_

—_—

é é ‘|I0 ‘|I2 ‘|I4 ‘|I6 ‘|I8 wavelength/X10~""m

oi/

4
minimum 4

O

The continuous spectrum

The rest of the spectrum is continuous; this energy is not emitted by atomic

electrons in the target material but by the electrons that hit the target. When these

electrons slow down, they emit EM radiation. This is a continuous spectrum,



firstly, because all the electrons have different KE and, secondly, not all the energy
is converted to X-rays; some KE is given to the target atoms, leading to an increase
in temperature (hence the need to cool the target).

The minimum wavelength

The radiation with minimum wavelength corresponds to photons with maximum
energy. The photon will have maximum energy if all the KE from the accelerated
electrons is converted to photon energy.

he
A

‘/e:

min

We can see from this equation that increasing the accelerating p.d. will result in a

decrease in A;; as can be seen in Figure 12.13.

min

intensity £ < Figure 12.13 Comparing the

E molybdenum spectrum with two
different accelerating p.d.s. The black
one has the highest p.d.

0 2I 4 6 8 1I0 12 wavelength/X10"""m

minimum 4

Notice that the characteristic peaks are unchanged by changing the accelerating p.d.

10 From the minimum wavelength of the X-ray spectrum in Figure 12.10, calculate the accelerating
p.d. of the X-ray tube.

11 Estimate the energy in eV of the highest characteristic peak in the molybdenum spectrum. What
was the change in electron energy level that gave rise to this line?

12 Figure 12.14 shows two of the electron energy levels for tungsten. What is the wavelength of the
photon that would be emitted if an electron went from the higher level to the lower one? Is this
an X-ray photon?

electron energy

—10.2keV

—69.5keV -

Figure 12.14




Figure 12.15 Constructive and
destructive interference. This effect
occurs when two light beams overlap
but it can only be observed if the
beams are coherent.

A
Figure 12.16 A filament bulb is turned
into a single source using a narrow slit.

Note: If laser light is used it is already
coherent so the first slit is not necessary.

Electromagnetic waves

@ Two-source interference of waves

Assessment statements

G.3.1 State the conditions necessary to observe interference between two
sources.

G.3.2 Explain, by means of the principle of superposition, the interference
pattern produced by waves from two coherent point sources.

G.3.3 Outline a double-slit experiment for light and draw the intensity
distribution of the observed fringe pattern.

G.3.4 Solve problems involving two-source interference.

Superposition

When two waves of the same type are incident at the same place they add together
to give one resultant wave, this is called superposition. The resultant is dependent
on the relative phase of the two waves as shown in Figure 12.15.

constructive destructive
interference interference

two out of phase
waves cancel.

two in phase waves add
to give a wave of twice
the amplitude.

Coherence

Waves that have the same frequency, similar amplitude and constant phase
relationship are said to be coherent. As we have seen, the light from a light bulb is
emitted randomly so two light bulbs will not be coherent. However, we can make
two coherent sources by splitting one source in two, but first we must make one
light source as illustrated in Figure 12.16. Different parts of a filament give out
light of different wavelength and phase, but using a narrow slit we can select just
one part of the filament. This doesn’t make the source monochromatic but all
parts are in phase.

The double-slit experiment

When the light passes
through the narrow slit
it spreads out due to
diffraction; this makes it
possible to pass the light
through two more slits.

light spreads out due
_ to diffraction

in the overlapping
region the waves
superpose

Figure 12.17 Light passing >
through two narrow slits
overlaps due to diffraction.




Phase difference and path difference

Figure 12.18 shows how two waves starting a journey in phase will remain in phase
as if they travel the same distance. However, if one wave travels further than the
other, they may no longer be in phase.

‘ Figure 12.18 Two waves with no

\ 3em path difference and two waves with
a path difference of L wavelength. In
the latter, the blue wave has travelled

“~1cm waves still in phase an extra 0.5 cm, this is the same as 1 a

e wavelength so at the meeting point a

waves start in phase blue peak meets a red trough resulting
in destructive interference. This will also
happen if the path difference is 1%/\,
2%/\, 3%)\ etc. If the path difference is a
whole number of wavelengths then the
interference is constructive.

/

—
4/1 cm

\

3cm

waves start in phase

waves completely out of phase Phase angle ¢
One whole cycle is equivalent
to 27 radians. To convert path
difference to phase difference, use

the equation
d

¢:XX27T

/

13 Two sources of radio waves separated by a distance of 3 km produce coherent waves of
wavelength 100 m. As you walk along a straight line from one station to the other, the signal on
your radio is sometimes strong and sometimes weak. This is caused by interference. Calculate
whether the signal is strong or weak after walking:

(@) 100m
(b) 125m
() 250m.

14 X and Y in Figure 12.19 are coherent sources of 2 cm waves. Will they interfere constructively or
destructively at: B
(@) A
(b) B
(e @

4cm

Figure 12.19 A c
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Figure 12.20 The interference pattern ’
from two dripping taps and the radial
lines showing the interference effect.

Figure 12.21 Considering point C }
in Figure 12.20, the path difference

is found by drawing the line B-E. This

splits the two paths into equal lengths

B-C and E-C, the bit left over (A-E) is

the path difference. Calculations for
two-slit interference can be made with
additional construction lines.

Interference of waves from two point sources

When waves from two point sources interfere, the path difference is different at
different places; this causes an interference pattern consisting of regions where the
waves add and other areas where they cancel.

In Figure 12.20, the 1 cm wavelength waves are interfering and at point 0 waves
can be seen. This means constructive interference is taking place. Both waves
have travelled a distance of 5 cm. At point X there are no waves, so destructive
interference is taking place. However at point C, there are waves again, so there is
constructive interference. The path difference is now one complete wavelength.

5cm S
6cm
& 1 Tcm
5cm «>
0
cm
E G
E
F
C

Geometrical model

The position of the different interference effects can be measured using the angle
0 that the radial line makes to the middle of the sources as shown in Figures 12.20
and 12.21.

<

B

D
F
A//\/

<

|
|

E
AT — path difference




C is the position where the path difference is 1.

SoAE = A

If we use light then A is very small, so the angle 6 will be small also.
The angle AEB is almost 90° so sin § = %
From triangle MCO we see that tan 6 = %
Since 6 is very small,

tan6 = sin 6, so

sin 0 = %
Therefore% = %
The spacing of the interference bands y = A7D

In light, this distance is called the fringe spacing.

From this equation we can see that if you make d smaller then y gets bigger. The
effect is therefore more visible with sources that are close together.

15 Referring to Figure 12.20, what is the path difference at the following points:
(@) E
(b) F
() G?

16 Referring to Figure 12.20, two taps separated by 5 cm are dripping into a square tank of water
creating waves of wavelength 1.5 cm. The distance to the far side is 1.5 m (D). How far apart will
the positions of constructive interference be (y) if measured on the far side of the tank?

17 Calculate y if the taps are moved together so they are now 4 cm apart.

Two-slit interference with light

When two coherent sources of light interfere, interference pattern < Figure 12.22 An interference pattern
visible on screen

destructive interference results in a dark region;
constructive interference gives a bright region.
Unlike water waves, you can’t see light waves
interfering as they travel but you can see the effect
when they land on a screen. Figure 12.22 shows an
example of an interference pattern caused when
light passes through two slits. The pattern is a
faint series of dots. They are so faint because for
diffraction to take place at the slits they must be
Very narrow.

laser light incident
on double slits

18 Two narrow slits 0.01 mm apart (d) are illuminated by a laser of wavelength 600 nm. Calculate the
fringe spacing (y) on a screen 1.5 m (D) from the slits.

19 Calculate the fringe spacing if the laser is replaced by one of wavelength 400 nm.
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Graphical representation

Using a light sensor it is possible to measure the intensity of light across a
diffraction pattern. In this way we can produce a graph of intensity against
position as shown in Figure 12.23.

Figure 12.23 Graphs to show ’ intensity intensity
intensity against position

for double slits. If the slit

separation is increased the

pattern will spread out .

position position
(slit separation increased)

@ Interference by thin films

Assessment statements

G.6.5 State the condition for light to undergo either a phase change of =, or
no phase change, on reflection from an interface.

G.6.6 Describe how a source of light gives rise to an interference pattern
when the light is reflected at both surfaces of a parallel film.

G.6.7 State the conditions for constructive and destructive interference.

G.6.8 Explain the formation of coloured fringes when white light is reflected
from thin films, such as oil and soap films.

G.6.9 Describe the difference between fringes formed by a parallel film and a
wedge film.

G.6.10 Describe applications of parallel thin films.

Colours due to interference of light ) : )
G.6.11 Solve problems involving parallel films.

reflected off a soap bubble.
v
The condition for observable interference between two sources of light is that
the sources are coherent. This means similar amplitude, same wavelength and a
constant phase difference. We have seen how this can be achieved using a double
slit to split one source in two (division of wavefront). A single source can also
be split in two by reflecting half of it off a semi-reflective surface like a bubble
(division of amplitude). This results in the coloured bands that we see on the
surface of a soap bubble.

Reflection of light off thin films

When light is incident on a boundary between two different media,
e.g. air and glass, part of the light reflects and part refracts. The

percentage of light that reflects depends on the media; for glass in
Air /’ air, about 4% of the light is reflected and 96% refracted. If light is

incident on a sheet of glass, 4% of the light is reflected off the front
= surface and then 4% of the remaining 96% off the bottom, as shown
Air in Figure 12.24. If the glass is very thin (about 500 nm) then the two
\ reflected waves will have about the same amplitude, so will interfere if
A their paths cross. A sheet of glass is too thick for this effect to be seen
Figure 12.24 — however, it can be seen in soap bubbles and oil floating on water.



Phase change on reflection

Before we start to derive a mathematical expression for this effect we should look
more closely at what happens when a wave reflects off different surfaces. We can’t
see what happens when a light wave reflects, so we will consider a wave in a rope

as shown in Figure 12.25. A wave in a rope will reflect when it gets to a change in
medium. The most extreme cases of this would be if rope is clamped or if it is free
to flap about. When the wave peak is incident on a clamped end, the wave tries to
push the clamp up. According to Newton’s third law, the clamp must exert an equal
and opposite force on the rope. This sends a wave trough back down the rope, the
wave having undergone a phase change of . If the end isn’t clamped, the reflected
wave is the same as the incident wave, so there is no phase change. To visualize how
anon-clamped end sends a reflected wave back along the rope, imagine that instead
of the end flapping up and down freely, it was your hand moving the rope up and
down; if you did this then you would send a wave along the rope.

ﬂ
When the peak hits the free end
the free end sends back a peak.

—

If we now relate this to the light we can deduce that when the light reflects off a
denser medium (air to glass) then there is a 77 phase change, but when the light
reflects off a less dense medium (glass to air) then there is no phase change.

——

When the peak hits the wall
the wall sends back a trough.

€

Interference by parallel-sided thin films

We have seen how light reflects off both surfaces of a thin film producing two
coherent sources. To simplify the geometry, we will consider light that is almost
perpendicular to the surface of a soap bubble as in Figure 12.26. In this case the
parallel reflected rays will coincide when they are focused by the eye.

We can see from this diagram that the path difference is 2. This will cause a phase
difference of 2{ X 2ar

But there will also be a phase change of 7 when the light reflects off the top

dom _
A

Constructive interference will take place if the phase difference is m2 7 where m is
an integer (0,1,2...).

surface, so the total phase difference =

So for constructive interference, 4%7 — 7= m2w

This will take place when 2t = (m + %)A

Since the light is travelling in soap, we need to find the wavelength of light in soap.

We know that when light passes into soap, it slows down, causing the wavelength
to change. The ratio of the speed in air to the speed in soap is given by the

refractive index of the air—soap boundary:
¢

n= air
Csoap

< Figure 12.25 Waves in a rope hitting a
clamped end and a free end.

A

To try a simulation of sending a
wave along a rope, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 12.5.

!

<~

Figure 12.26 Reflected rays brought
to a focus by the eye lens.

Non-perpendicular light

If the light is not perpendicular to
the surface, the formula is:

2nt cos ¢ = (m + 2)A for
constructive interference, and
2nt cos ¢ = mA for destructive
interference

where ¢ is the angle of refraction
in the film.
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A

Figure 12.27 The colours in a wedge
shaped film.

Just before the bubbles burst, the top
becomes so thin that all wavelengths of
light interfere destructively. This can be
seen as a dark patch.

v
\/ n=14
n=17
A
Figure 12.28

Now c=fA
S0 n= anir — Aalr
fAsoap )\soap
L A
This gives Asoap = 37
Substituting into the equation for constructive interference gives:
1
9 = (m + E)Aair
t=—m
. . /\air
And for destructive interference: 2t = m—;-

Let us say that for a certain soap film, the thickness is such that green light

(A = 500 nm) satisfies this equation. If green light is reflected off the film it will
interfere constructively, so the reflected light will be bright — the film looks shiny.
If red light is reflected, the interference is destructive, so the film appears dull. If
white light, which consists of all wavelengths, is reflected, then only the green will
interfere constructively, and the film will therefore appear green.

Non-parallel films

Soap bubbles are rarely parallel so different parts of the bubble have different
thicknesses. In this case, the wavelength that satisfies the condition for constructive
interference will be different in different places. This is why a soap bubble is covered
by different colours; the colours can be thought of as contours of thickness. If a soap
film is held vertically in a wire frame then the soap will flow towards the bottom,
forming a wedge as in Figure 12.27. When viewed in white light, coloured bands can
be seen, each band corresponding to a different thickness.

You might notice that the colours on the bands are not the same as rainbow
colours. This is because the condition for constructive interference can be satisfied
by two different colours at the same place, giving new colours; for example, red
and blue gives magenta.

(3 + %)Ablue = (2 + %))\red

Very thin films

If the thickness of the film is very small, the path difference is almost zero, so the
only phase difference between the two rays will be 7, the phase change of the top
ray due to reflection at a more dense medium. This means that all wavelengths will
interfere destructively, no light will be reflected, and the film will appear dull as in
the photo.

Uses of thin films

The main use of thin films is to create anti-reflective coating for lenses and
photoelectric cells. Light is a form of energy so must be conserved. If no light
reflects off a thin film then the light passing through the film must have increased.
Reducing the reflection from lenses therefore makes the image brighter. When
light reflects off the upper and lower surfaces of such a coating there will be a
phase change of 7 at both surfaces, so the condition for destructive interference
ist= 7 For white light, multi-layer coatings can be applied, one for each
wavelength.



20 What is the minimum thickness of a soap film that gives constructive interference for light that
has wavelength of 600 nm in soap?

21 A camera lens has an antireflective coating that appears violet when viewed in white light. If
the wavelength of violet light in the coating is 380 nm, what is the minimum thickness of the
coating?

22 Coloured interference fringes are viewed when white light is incident on oil floating on water.
The refractive index of oil is 1.5 and the refractive index of water is 1.3.
(@) Will there be a phase change on reflection at the oil/water boundary?
(b) Yellow light has wavelength 580 nm in air. What is its wavelength in oil?
(c) Whatis the thinnest thickness of oil that will give constructive interference for yellow light?

23 The coating shown in Figure 12.28 is applied to a lens. What thickness should the coating have to
remove reflections of light that has wavelength 580 nm in air?

@ Interference by air wedges

Assessment statements

G.6.1 Explain the production of interference fringes by a thin air wedge.

G.6.2 Explain how wedge fringes can be used to measure very small
separations.

G.6.3 Describe how thin-film interference is used to test optical flats.

G.6.4 Solve problems involving wedge films.

It is possible to get interference by reflecting light off the two surfaces created
when an air wedge is made between two sheets of glass, as shown in Figure 12.29.

Figure 12.29 Fringes on an air wedge
made by placing a hair in between two
microscope slides.

v

Since the thickness of the air wedge increases linearly from one end to the other,
the fringes formed are equally spaced straight lines. In common with thin films, a
bright fringe will occur when twice the thickness of the wedge, 2t = (m + )\

So the first fringe occurs when t = %, the second when t = % etc. The difference
in wedge thickness between any two adjacent fringes is therefore %, as shown in
Figure 12.30.

The angle 6 is very small, so from Figure 12.30 we can see that 6 = A and from

2x
Figure 12.29 we can see that § = D/L. Therefore we can deduce that %= %

. . _ AL
So the fringe spacing x = D

Notice how the thin end of the
wedge is dark. This is because the
only phase difference is due to the
7r change of phase on reflection off
the lower surface.

4 Figure 12.30 The wedge thickness for
the 2nd and 3rd fringe.
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Application of air wedge interference

The interference fringes produced when a thin object is placed between two glass
slides can be used to measure the width of the object. Another useful application
of this effect is to test the flatness of a glass surface. If two surfaces are perfectly
flat, no fringes will be observed when they are put together. If not perfectly flat,
then an air wedge will exist that will produce fringes when illuminated from above.
In this way, non-flat areas can be marked and corrected by fine grinding.

24 An air wedge is made from two pieces of glass held open by a piece of paper. The wedge is
illuminated with light of wavelength 590 nm and the fringes viewed from directly above using a
microscope. There are 10 bright lines in a 0.4 cm length.

(@) What is the angle of the wedge?

(b) If the wedge is 5cm long, how thick is the piece of paper?

(c) Ifasecond piece of paper is added, what will the fringe spacing be?

(d) If water (refractive index 1.3) were put into the wedge with one sheet of paper, what would the
new fringe spacing be?

@ Diffraction grating

Assessment statements
G.4.1 Describe the effect on the double-slit intensity distribution of
increasing the number of slits.

G.4.2 Derive the diffraction grating formula for normal incidence.
G.4.3 Outline the use of a diffraction grating to measure wavelengths.

G.4.4  Solve problems involving a diffraction grating.

Multiple-slit diffraction

The intensity of double-slit interference patterns is very low but can be increased
by using more than two slits. A diffraction grating is a series of very fine parallel
slits mounted on a glass plate.

A
Figure 12.31 Diffraction grating (the Diffraction at the slits
number of lines per millimetre can be

e il s ealvarsens vsueT e When light is incident on the grating it is diffracted at each slit. The slits are very

600 lines per millimetre). narrow so the diffraction causes the light to propagate as if coming from a point
source.

Figure 12.32 Light diffracted at each ’ [l [l

slit undergoes interference at a distant /

screen.

the parallel

light diffracted in light comes
all directions together ata

|:| [l/ distant point
) H/

multiple slits multiple slits




Interference between slits

To make the geometry simpler we will consider what would happen if the light
passing through the grating were observed from a long distance. This means

that we can consider the light rays to be almost parallel. So the parallel light rays
diffracted through each slit will come together at a distant point. When they come
together they will interfere.

A
Geometrical model This simulated pattern shows
distinct areas of interference. To
Let us consider waves that have been diffracted at an angle 6 as shown in view, visit www.heinemann.co.uk/
Figure 12.33 (remember light is diffracted at all angles — this is just one angle that hotlinks, enter the express code

we have chosen to consider). 4426P and click on Weblink 12.6.

We can see that when these rays meet, the ray from A will have travelled a distance
x further than the ray from B. The ray from D has travelled the same distance
further than C, and so on. If the path difference between neighbours is A then they
will interfere constructively, if %/\ then the interference will be destructive.

4 Figure 12.33 Parallel light travels
through the grating and some is
diffracted at an angle 6. The expansion

|| shows just slits A and B, if the path

B 0 difference is nA then constructive

interference takes place.

<« —>

The line BN is drawn perpendicular to both rays so angle N is 90°

Therefore from triangle ABN we see that sin § = n

d

Rearranging gives d sin 6§ = nA

If you look at a light source through a diffraction grating and move your head

around, bright lines will be seen every time sin 6 = n—;

Producing spectra

If white light is viewed through a diffraction grating, each wavelength undergoes
constructive interference at different angles. This results in a spectrum. The
individual wavelengths can be calculated from the angle using the formula

dsin 6 = nA.
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Worked example

If blue light of wavelength 450 nm and red light wavelength 700 nm are viewed
through a grating with 600 lines mm ™!, at what angle will the first bright blue and
red lines be seen?

Solution

Figure 12.34 Bright lines appear at } dsinf = 3\
angles when sin 6 = 22 Red and blue
lines appear at different angles.

dsing = 2A 0 = 24.8°

dsing=A 0=156
dsinf= A\ 9 =15.6°
dsind =22 6 = 24.8°

dsinf = 3\
If there are 600 lines/mm, d = WIO mm = 0.001 67 mm
For the first lines, n = 1
o 450X 1070 _
For blue light, sin 6 = 000167 X 10 0.269 Cm
Therefore 6, = 15.6° d
-9
For red light, sin 6 = 700 X 10 =0.419

0.001 67 X 1073
Therefore 6,.4 =24.8°

Figure 12.35 A hydrogen lamp ’
viewed through a grating.

25 Red light (A = 700 nm) is shone through a grating with 300 lines mm~". Calculate:
(@) the separation of the lines on the grating
(b) the diffraction angle of the first red line.

@ X-ray diffraction

Assessment statements

G.5.5 Explain how X-ray diffraction arises from the scattering of X-rays in a
crystal.

G.5.6 Derive the Bragg scattering equation.

G.5.7 Outline how cubic crystals may be used to measure the wavelength of
X-rays.

G.5.8 Outline how X-rays may be used to determine the structure of crystals.

G.5.9 Solve problems involving the Bragg equation.




We have seen how light is diffracted when it passes through an aperture
that is about the same size as its wavelength. However, light is also
diffracted when it reflects (see Figure 12.36.) so we could make a diffraction
grating out of thin reflective lines. The surface of a CD is made up of very
thin lines of aluminium and when light reflects off these lines it diffracts.
The interference between light waves from each line gives the coloured
bands that you see when you view a CD from different angles. X-rays have a
wavelength that is smaller than the size of an atom, so to make a diffraction
grating to use with X-rays, the width of the lines would have to be about
the size of an atom. We can’t make lines that small but we can use

crystals.

Crystals

A crystal has a very regular shape; the reason for this is that the
atoms are arranged in a regular way. To make copper sulphate
crystals, copper sulphate solution is put in a shallow container and
the water allowed to evaporate slowly. In a couple of days the water
has gone and you are left with crystals. If you are impatient and try
to boil off the water then you just get copper sulphate powder. This
is because it takes time for the atoms to settle in the position of
lowest PE. There are many different shapes of crystal owing to the
different ways that different types of atoms can pack; the simplest
is cubic.

X-ray diffraction by crystals

Let us first consider the X-rays diffracted by the top layer of atoms,
as in Figure 12.37. Light from the source is incident on the atoms

and is diffracted in all directions; this will result in destructive interference unless

the path difference is zero, or a whole number of wavelengths.

Incident wave
)@@ﬁaded wave

We can see from the construction in Figure 12.38 that if we take the diffracted
direction to be the same as the incident ray, then the path difference is zero,
which means that the waves will interfere constructively in this direction.

In other directions, the X-rays will cancel.

D C

Figure 12.36 A plane wave is
diffracted as it reflects off a small object.

Given time, some crystals
can grow very big.

Rock crystals

You can determine how quickly a rock
cooled down by looking at the crystals it
contains. Rocks with big crystals cooled

slowly.

< Figure 12.37 Incident wave is
diffracted in all directions.

< Figure 12.38 When the angle
of diffraction equals the angle of
incidence, length AB = EF and DE = BC,
so the path difference is zero.
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Let us now consider what happens when X-rays from the top layer interfere
with those diffracted by the second layer. As explained above, we will only
consider the direction that is the same as the incident ray as in Figure 12.39.

The path difference between these X-rays is now the distance xyz.
Considering the triangles shown, we can see that xy = yz = dsin 6 so the path
difference = 2dsin 6

Figure 12.39 X-rays diffracted of the The condition for constructive interference is therefore
top and second layer.

nA = 2dsin 0

This is called the Bragg equation.

X-ray diffraction patterns

To produce an X-ray diffraction pattern, a narrow beam of X-rays is projected
onto a crystal. A photographic plate is then used to record the pattern of diffracted
X-rays.

There are many planes of atoms, such as the two shown in Figure 12.40. Each
set of planes has different spacing, so will give a different angle for constructive

4 ‘ interference. By measuring the different angles, it is possible to determine the

Figure 12.40 Two alternative planes fth

of atoms. arrangement of the atoms.
Single crystals and powders
When a single crystal is used, the diffraction pattern formed is a series of dots. If
we were to rotate the crystal, the dots join up to form rings. A powder contains
crystals in all orientations so the diffraction pattern will be a set of rings the same
as that formed by rotating the crystal.

A

This X-ray diffraction pattern of DNA
by Rosalind Franklin supported Watson
and Crick’s theory that DNA was a
double helix.

A

Electron diffraction of beryllium.

26 In an X-ray diffraction pattern using X-rays of wavelength 5.0 X 10~"" m, the first order (n = 1)
line is formed at an angle of 10°. Calculate the separation of the atomic planes.

27 A cubic crystal, whose atomic planes are 1.0 X 10~"" m apart, is used to from a diffraction pattern
with a first order maximum at 12°. What is the wavelength of the X-radiation used?

28 The first order ring in an X-ray diffraction pattern, using X-rays of wavelength 6 X 10~""'m, has
radius of 3 cm. If the distance from the crystal to the photographic plate is 20 cm, calculate the
atomic plane spacing.




@ Lenses and image formation

Assessment statements

G.2.1 Define the terms principal axis, focal point, focal length and linear
magnification as applied to a converging (convex) lens.

G.2.2 Define the power of a convex lens and the dioptre.

G.2.3 Define linear magnification.

G.2.4 Construct ray diagrams to locate the image formed by a convex lens.

G.2.5 Distinguish between a real image and a virtual image.

G.2.6  Apply the convention ‘real is positive, virtual is negative’ to the thin
lens formula.

G.2.7 Solve problems for a single convex lens using the thin lens formula.

Lenses 4 Looking through a convex lens.

A lens is a glass disc that refracts
light. If the faces of the disc are
curved inwards then the light is
caused to spread out (diverge).
If the faces curve out then the
light is made to focus inwards
(converge).

Convex lens

Rays of light parallel to the axis
converge at the principal focus
when they pass through a convex
lens as in Figure 12.41 (a).

Power of a lens

Lenses with greater curvature bend the light more, resulting in a shorter focal
length. Fat lenses are more powerful.

Figure 12.41 The focal length (f) is

The concave lens the distance from the centre of the lens,
P (the pole) to the principal focus, F. The
Rays of parallel light are diverged away from the principal focus as in Figure 12.41 (b). optical power of a lens is equal to 1/

focal length (units are dioptres).

v
«—f—»
concave Iens\

-

P axis el

° .
/\ principal focus \“\..

principal focus oS
(a) (b) \

axis
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29 Parallel light is focused 15 cm from the a convex lens. What is:
(a) the focal length of the lens
(b) the power of the lens?

Image formation
Point object

A point object gives out light rays in all directions. When viewed, some of those
rays will pass into the eye enabling the observer to see the object. The observer
knows that the object is where the rays are coming from. If the light from a point
object passes through a lens then the observer will see the light coming from
somewhere else, and this is called an image. There are two types of image: real and
virtual (see Figure 12.42)

Figure 12.42 Real and virtual images. }

Real image

A real image is an image where the rays come from the image. In a convex lens the
observer will see the light coming from a point much nearer than the actual object.
A real image can be projected onto a screen.

convex
lens__
real
object image

Virtual image

An image is called a virtual image when the rays only appear to come from a point.
The rays are coming from the image just the other side of the concave lens.

concave lens

object

A

A good example of a virtual image is Extended object
the image you see when you look into

a mirror. It looks like the light is coming
from the other side of the mirror but it normally have size; we call an object with size an extended object. An extended

isn't. This baby doesn't realise that it's object is represented with an arrow and can be treated like two points, one at the
just a virtual image.

Except when we are looking at stars we rarely look at single point object. Objects

top and one at the bottom.



Image formation in convex lenses

The image of an extended object in a convex lens can be found by carefully
drawing the path of two rays from the top of the object, the image will be formed
where these rays cross or appear to cross.

The nature of the image top

We describe the nature of an image according to whether it is: extended
e real or virtual object
e bigger or smaller
bottom
e closer or further away A
e upright or upside down. Figure 12.43 An extended object.

The nature of the image is different for different object positions (see Figures 12.44
and 12.45).

Object further than 2 x focal length
How to draw a ray diagram:
e Draw the axis and lens.

e Choose an appropriate scale and mark the principal foci on either side of the
lens.

e Measure and draw the object position. This will be given in the question, in this
case it is ‘more than 2F.

e Draw a ray from the top of the object parallel to the axis. This ray will be
refracted so that it passes through the principal focus (the red ray in
Figure 12.44). Refraction takes place at the lens surfaces but for ray diagrams
the light can bend at the central line.

e Draw a ray that passes through the centre of the lens. Since the centre of the
lens has parallel sides this ray will pass straight through (the blue ray in
Figure 12.44).

e The top of the image is the point where the rays cross, and the bottom of the
image is on the axis (we don’t need to draw rays to find this). Draw the image
arrow from the axis to the crossing point.

e The position of the image can now be measured with a rule and scaled up to

find the actual image distance.

e The nature of the image can also be determined.

convex lens 4 . -
Figure 12.44 Object
g g J

object I at more than 2F.

Nature of image
real, smaller, closer,

object \\ \ upside down
F

F

image
object at more than 2F
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Objects between 2F and the lens

Figure 12.45 > Nature of image

object real, same size, same
\\ \N: distance, upside down

F limage
object at 2F
Nature of image
object real, bigger, further,
upside down
F
object between F and 2F
image
e Examiner’s hint: In this Nature of image
case it looks like there isn't an object virtual, bigger, at infinity,
image but if you were to look upright
at the light coming through
the lens your eyes would F F
focus the light like they do objectat F
when you look at a star. We
can say that the light appears
to come from infinity.
..\1\
‘~:::'~..~_ Nature of image
T Tl virtual, bigger, further,
, O upright
image . AET
object
F F

object closer than F

Linear magnification

Linear magnification is the ratio of image height/object height. For example, if the
object is 2 cm high and the image is 6 cm high the magnification is % =3

The lens formula

.
A simulation draws ray diagrams for o An alternative way of finding the image position is to use the lens formula:
lenses. To try this, visit I I I
www.heinemann.co.uk/hotlinks, }c: 2T f = focal length
enter the express code 4426P and u = object distance

click on Weblink 12.7.

v = image distance



object 1

< u < v

Worked examples

1 An object is placed 24 cm from a convex lens of focal length 6 cm. Find the
image position.

2 An object is placed 3 cm from a convex lens of focal length 6 cm. Find the image

position.
Solution
1 From the question:
u = 24cm
f =6cm
e L1 1 1_1_1
rearranging: T + 5 gives 5= 7o
ituti Ll_1_1_4_1_3
substituting values: ; = € 31" 24 31" 31
24 _
so v="%=38cm
3
2 From the question:
u =3cm
f =6cm
o111 . 11 1
rearranging: T + 5 gives 5= 7o
ituti 11 1_1_2_-1
substituting values: Ve3¢ % 2
_—6_
o v=-—= —6cm

Sign convention

We know from the ray diagrams that the image in Worked example 1 is real and
the one in Worked example 2 is virtual. We can see that the images are different by
looking at the sign of the answer.
REAL IS POSITIVE
VIRTUAL IS NEGATIVE
This convention applies to focal lengths and object distances too.

Linear magnification

From the definition the linear magnification of the image in Figure 12.47 is

i

h

0

But we can see that the blue ray makes two triangles with the same angle,

h
therefore ﬁl = %

(¢}
. . . %
Linear magnification, M =

e

-«— 5 >

4 Figure 12.46 Defining the lengths u,
vandf.

o Examiner’s hint: Always draw a
sketch of the relative positions of the
object, image and lens. This will help you
to see what the problem involves. Then
use the formula to find the thing you are
asked to calculate.

< Figure 12.47 Linear magnification.
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Use the lens formula to solve the following problems. You can check your answers by drawing ray
diagrams too.

30 A 25cm focal length lens is used to focus an image of the Sun onto a piece of paper. What will
the distance between the lens and the paper be?

31 An object is placed 30 cm from a convex lens of focal length 10 cm.
(a) Calculate the image distance.
(b) Is the image real or virtual?

(c) Calculate the magnification of the image.

32 Areal image is formed 20 cm from a convex lens of focal length 5 cm. Calculate the object
distance.

33 An object is placed 5 cm from a lens of focal length 15 cm,
(a) Calculate the image distance.
(b) Is the image real or virtual?

(c) Calculate the magnification of the image.

34 A camera with a single lens of focal length 5 cm is used to take a photograph of a bush 5 m away.
A simple camera uses a convex lens.

(a) Whatis the object distance?
(b) Calculate the distance from the lens to the film (v).
(c) Whatis the linear magnification of the camera?
(d) If the bush were 1 m high how high will the image be?
35 The camera of Question 34 is used to take a picture of a flower on the bush so the photographer
moves towards the bush until he is 20 cm from the flower.
(a) Calculate the image distance.
(b) What is the linear magnification?

Optical instruments

Assessment statements
G.2.8 Define the terms far point and near point for the unaided eye.
G.2.9 Define angular magnification.
G.2.10 Derive an expression for the angular magnification of a simple
magnifying glass for an image formed at the near point and at infinity.
G.2.11 Construct a ray diagram for a compound microscope with final image
formed close to the near point of the eye (normal adjustment).
G.2.12 Construct a ray diagram for an astronomical telescope with the final
image at infinity (normal adjustment).
G.2.13 State the equation relating angular magnification to the focal lengths
of the lenses in an astronomical telescope in normal adjustment.

G.2.14 Solve problems involving the compound microscope and the
astronomical telescope.

In this section, we are going to investigate three optical instruments: the magnifying
glass, the telescope and the microscope. All three instruments enable us to see an
object more clearly, but first we should see how well we can do with the unaided eye.




The human eye

Inside the eye there is a convex lens. This, together with the front part of the eye,
focuses light onto the retina, where millions of light sensitive cells sense the light
and send electrical signals to the brain.

The eye lens is made of a rubbery substance that can be squashed; squashing

the lens makes it fatter and therefore more powerful. In this way the eye can be
adapted to focus on objects that are close or far away as illustrated in Figure 12.49.
There is a limit to how fat the lens can get. If an object is too close to the eye, then
it can’t focus the rays on the retina, and the image is ‘out of focus’ The average
closest distance is 25 cm, but this tends to get longer with age.

4 Figure 12.48 Parts of the human eye.

retina (image

iris focused here)
cornea . )
@ Hint: SL Option A students can find
pupil (light out more about the eye and sight in the

enters eye) Appendix on page 577.

ciliary
muscles

| Figure 12.49 The eye lens changes

shape to view different objects.
The lens is thin when looking

at a distant object.

far point = infinity

retina

The lens is thick when looking
at a near object.

near point = 25cm

Short sight
Short sighted people have a near
An object that is too close is point that is closer to the eye

focused behind the retina. than normal. This means they can
read things that are much closer.
> Unfortunately it also means that
they cannot see things that are far
away.




Although the wind turbines are all the ’
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same size the nearest one looks bigger.

The size of the Moon

You may have noticed that the
Moon looks bigger when it is just
above the horizon than it does
when it is up above. This is in fact
an illusion, if you measure the
size of the Moon you find it never
changes. Your brain decides how
big something is depending on
how your eyes are focused. When
the Moon is on the horizon your
brain thinks it is closer because
of the other objects in view. This
is an example of how perception
sometimes doesn't agree with
measurement.

Figure 12.50 a) A close object
appears bigger.

@

Figure 12.50 b) Using a magnifying ’

glass with the image at 25 cm.

Figure 12.50 c¢) Using a magnifying

glass with the image ‘at infinity’

>

How big does an object appear?

We are all familiar with the fact that objects that are far away seem smaller than
objects that are close. We can measure how big something appears using the angle
that rays make when they enter the eye. In Figure 12.50 a) we can see how the
object subtends a bigger angle when viewed from a short distance. If we want to
make an object appear as big as possible then we should view it as near as possible.
This means at a distance of 25 cm.

A&

angle subtended by the object to the eye

The magnifying glass

We use a magnifying glass to make things look bigger; this is done by putting the
object closer than the principal focus of a convex lens. Without a magnifying glass
the best we can do is to put an object at our near point (25 cm in average eyes).
The best we can do with a magnifying glass is with the image at the near point.

<«—25cm—>
<« 25cm—>

e

objectat25cm

image at 25cm with magnifying glass

The problem with looking at something so close is that it can be a bit tiring, since
your eye muscles have to squash the lens.

It is more relaxing to view the image at a distance, and then the eye is relaxed. This
however doesn’t give such a magnified image. If the final image is far away (we
could say an infinite distance) the rays coming to the observer should be parallel.
In the previous section we saw that this means the object must be at the focal
point. In both cases the angle subtended when using the magnifying glass is bigger
than without (see Figure 12.50 ¢)).

<« 25cm—>

object at 25cm

image at infinity with magnifying glass



Angular magnification (M) o e 1 4. 25
= N O f
The angular magnification tells us how much bigger an object looks. e i E e | 205 ), e
angle subtended by image at eye () angles are small then the angles

Angular magnification = expressed in radians are:

angle subtended by object at unaided eye (o)

ho
o=y
. - e 2
Angular magnification for a magnifying glass hS
1. Image at infinity A= ,
. . C e . _B_ho, 25
When the final image is an infinite distance away the object must be placed at the SOM=g =7 X ¢"
focal point. Looking at Figure 12.51, you can see why this image looks bigger than M=220
. : : u
the image in the unaided eye. o
butz=+++ 550 -=—-—+
If the angles are small (for the original object with the image at infinity) and fouvomd oy
measured in radians then butv=—25cm so% = lf + 21—5
h, 25f
o= 75 Rearranging gives u = a7
B _ ﬂ Substituting for u in equation (1)
. . h vesm = (201) =142
Since angular magnification M = g SN Bl ( f ) f
25 fooh SoM=1+2
SoM = 7 f
25¢cm ‘ Figure 12.51 a) Angular magnification

for an original object with image at
infinity and viewed with a magnifying

"] =

glass.
object at
near point image at infinity with
ma.gnlfylng glass, Remember the radian =
object at f ) g
If the angle is very small then the
2. Image at the near point (normal adjustment) arc, s can be taken as a straight line.

Figure 12.51 b) compares an object as close as possible to the unaided eye to the

same object viewed with a magnifying glass. So that the final image is also as close

as possible, the object must be placed close to the lens. q
25

f

This can be shown to give an angular magnification of 1 + ==. (One more than

the previous example.)

25cm

< 25cm

O — 0

[

«y>

4 Figure 12.51 b) Angular magnification
for an image at the near point.

image at near point

object at near point with magnifying glass

36 The Moon is about 3500 km in diameter and about 400 000 km away from the Earth. Estimate the
angle subtended by the Moon to an observer on the Earth.

37 Ifa small insect 1 mm long is viewed at a distance of 25 cm from the eye, what angle will it
subtend to the eye?

38 How close to a lens of focal length 5 cm should the insect of Question 37 be placed so that an
image is formed 25 cm from the eye?

39 Use the formula to calculate the angular magnification of the insect viewed with a lens of focal
length 5 cm if the final image is at the near point.
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e Examiner’s hint: If you draw the The microscope

object before you draw the first ray you
often end up with a final image that

The microscope is used to produce an enlarged image of a close object. The
doesn't fit on the page (try it).

microscope consists of two convex lenses: the one closest to the object is called

H if th ition of the object i - . . . .
owever IThe Posttion o tne objects the objective; and the one you look through is the eyepiece. To give maximum

given in the exam question you have to

Use it. The examiner will have made sure magnification, the final image is at the near point of the eye. Figure 12.52 shows
that everything will fit okay, so draw the the ray diagram for a point object. This is called normal adjustment.

ray in Step 1 from the top of the object

and continue through the steps. objective eyepiece

Figure 12.52 Simple ray diagram for a ’
microscope.

Drawing the ray diagram with an extended object

Drawing the ray diagram for an extended object is a bit more difficult, but you

need to know how to do it for the exam.

1 Draw the lenses and axis then a ray through the centre of the objective to a
point half way down the eyepiece. Then draw an object a short distance from
the objective.

2 Draw a ray from the object parallel to the axis. Continue this ray so that it hits the
bottom of the eyepiece. Now mark F,, it is the point where this ray crosses the axis.

3 To find the position of the final image draw a construction line (black) from the
top of the first image through the middle of the eyepiece. The top of the image
will lie on this line. Choose a point on this line beyond the objective and draw the
rays coming from this point. Now add arrows to all the rays.

Figure 12.53 The steps in drawing a ’
ray diagram with an extended object.

Step 3

To find the focal point of the eyepiece, the red construction line can be drawn.
This comes from the top of the first image and goes parallel to the axis. When it
passes through the lens it appears to come from the top of the final image. The ray
will pass through the focal point.




The astronomical telescope

The astronomical telescope is used to view stars and planets. It has no use for
looking at things on Earth since the image is upside down. The simple telescope
consists of two convex lenses that are used to produce a virtual image of a distant
object at infinity (see Figure 12.54) The final image could be produced anywhere but
in normal adjustment it is at infinity, in other words the rays come out parallel.

The objective lens forms an image of a distant object at its principal focus. This
image is at the principal focus of the eyepiece, so the final image is at infinity (the
rays are parallel).

< fo < fe ‘ Figure 12.54 a) The astronomical

\\ te|€SCOpe (point object).

objective eyepiece

point object

To see how this produces a magnified image we must use an extended object. In
the case in Figure 12.54 b) the object is the Moon. The three blue rays are coming
from the top of the Moon and the bottom of the Moon is in line with the axis. By
the time the rays reach the Earth they are very nearly parallel.

three rays from top

of Moon enter
telescope F F /
—_— o Fe T .--

How to draw the ray diagram Figure 12.54 b) The astronomical

N . . . . tel tended object).
This diagram looks difficult to draw but is okay if done in stages. oo ainicee e

1 Draw the lenses and axis but don’t draw the foci yet.

2 Draw a ray passing through the centre of the objective hitting the eyepiece
about half way down.

3 Draw two more rays entering the objective at the same angle as the first. Then
draw the top ray hitting the bottom of the eyepiece.

4 The bottom ray will cross the other two at the same place; this is just below the
principal focus. You can now mark this on the axis and draw in the first image (F,).

5 The rays emerge from the eyepiece parallel. To find the angle, draw a
construction line (dotted) from the top of the image straight through the centre
of the eyepiece. All the rays will be parallel to this. Add arrows to all the rays.

4 Figure 12.55 Steps in drawing the ray
diagram for an astronomical telescope.

step 1

step 2




Figure 12.56 Angles subtended at the }

lenses in an astronomical telescope.

A telescope with a large angular
magnification is very long. The
problem then is that not much
light can travel through it; this
means that lenses with a large
diameter should be used. These
are difficult to make, so most high
powered telescopes use mirrors
not lenses.

e Examiner’s hint: Before starting

the calculation, draw a sketch showing
the different positions of the lenses and
object. Don't try to draw the rays, the
sketch is just to help you see the relative
positions.

To access a virtual optics lab, visit
www.heinemann.co.uk/hotlinks,
enter the express code 4426P and
click on Weblink 12.8.
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step 3

Fo

v
step 4

Fo
N
step 5

Angular magnification

Since the object is very far away, the image subtended to the unaided eye is the
same as the image subtended to the telescope. The angles subtended by the object
and the image are as shown in Figure 12.56.

f, .

image height = h

O If the angles are small and measured in radians then:

=

T
_h
=7
B

angular magnification = o = =X ==

40 A microscope is constructed from an objective of focal length 1 cm and an eyepiece of focal
length 5 cm. An object is placed 1.5 cm from the objective.
(a) Calculate the distance from the objective to the first image.
(b) Ifthe final image is a virtual image 25 cm from the eyepiece, calculate the distance between

the first image and the eyepiece.

(c) Calculate the distance between the lenses.

41 Atelescope is constructed from two lenses: an objective of focal length 100 cm and an eyepiece
of focal length 10 cm. The telescope is used in normal adjustment (final image at infinity):
(a) Calculate the angular magnification.
(b) What is the distance between the lenses?

42 A telescope has an objective of focal length 50 cm. What focal length eyepiece should be used to
give a magnification of 10?




@ Aberrations

Assessment statements
G.2.15 Explain the meaning of spherical aberration and of chromatic
aberration as produced by a single lens.

G.2.16 Describe how spherical aberration in a lens may be reduced.

G.2.17 Describe how chromatic aberration in a lens may be reduced.

We have assumed in all the previous examples that parallel rays of light are
brought to a point when they shine through a convex lens. However, this is not the
case with a real lens.

Spherical aberration

Because of the spherical curvature of a lens, the rays hitting the outer part are
deviated more than the ones on the inside (see Figure 12.57).

The result is that if the image is projected onto a screen there will be a spot instead
of a point. If such a lens were used to take a photograph then the picture would be
blurred. To reduce this effect, the outer rays are removed by placing a card with a
hole in it over the lens. This is called stopping.

spherical
aberration

outer rays removed (stopped)
to correct sperical aberration

Chromatic aberration

It has been mentioned before that different wavelengths of light are refracted by
different amounts. If white light is focused with a convex lens the different colours
are focused at different points. This also causes the image to be blurred. It can be
corrected by making the lens out of two lenses of different refractive index stuck

< Figure 12.57 Spherical aberration in a
convex lens.




Electromagnetic waves

together. This is called an achromatic doublet. The blue light is most converged by
the convex lens and most diverged by the concave one. These two effects cancel

\%‘Watic aberration

concave lens
diverges rays

each other out.

Figure 12.58 Chromatic aberration ’

convex lens———
converges rays

Practice questions

1 This question is about converging lenses.
(@) The diagram shows a small object O represented by an arrow placed in front of a
converging lens L. The focal points of the lens are labelled F.

F 0 F
L
(i) Define the focal point of a converging lens. (2)
(ii)) On the diagram above, draw rays to locate the position of the image of the
object formed by the lens. (3)
(iii)  Explain whether the image is real or virtual. (1)

(b) A convex lens of focal length 6.25 cm is used to view an ant of length 0.80 cm that
is crawling on a table. The lens is held 5.0 cm above the table.

(i) Calculate the distance of the image from the lens. (2)

(i) Calculate the length of the image of the ant. (2)

(Total 10 marks)




2 This question is about an astronomical telescope.

(a) Define the focal point of a convex (converging) lens. (2)
The diagram below shows two rays of light from a distant star incident on the objective
lens of an astronomical telescope. The paths of the rays are also shown after they pass
through the objective lens and are incident on the eyepiece lens of the telescope.

objective lens eyepiece lens

light froma———|

The principal focus of the objective lens is

(b) On the diagram above, mark

(i) the position of principal focus of the eyepiece lens (label this ). (1)
(i) the position of the image of the star formed by the objective lens (label
this 1). (1)

(c) State where the final image is formed when the telescope is in normal adjustment. (1)
(d) Complete the diagram above to show the direction in which the final image of the
star is formed for the telescope in normal adjustment. (2)

The eye ring of an astronomical telescope is a device that is placed outside the eyepiece
lens of the telescope at the position where the image of the objective lens is formed by
the eyepiece lens. The diameter of the eye ring is the same as the diameter of the image
of the objective lens. This ensures that all the light passing through the telescope passes
through the eye ring.

(e) A particular astronomical telescope has an objective lens of focal length 98.0 cm
and an eyepiece lens of focal length 2.00 cm (i.e. f, = 98.0 cm, £, = 20.0 cm).
Determine the position of the eye ring. (4)

(Total 11 marks)

3 This question is about light and the electromagnetic spectrum.
(@) Outline the electromagnetic nature of light. (2)
(b) The diagram below is a representation of the electromagnetic spectrum.

visible light

increasing frequency
In the diagram the region of visible light has been indicated. Indicate on the
diagram above the approximate position occupied by
(i) infrared waves (label this I).
(ii) microwaves (label this M).
(iii) gamma rays (label this G).

~ o~ o~ —
L Z = =

(Total 5 marks
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4 This question is about a concave (diverging) lens.
The diagram below shows four rays of light from an object O that are incident on a thin
concave (diverging) lens. The focal points of the lens are shown labelled F. The lens is
represented by the straight line XY.

. .

(a) Define the term focal point. (2)

(b) On the diagram,
(i) complete the paths of the four rays in order to locate the position of the

image formed by the lens 4)
(i) show where the eye must be placed in order to view the image. (1
(c) State and explain whether the image is real or virtual. (2)

(d) The focal length of the lens is 50.0 cm. Determine the linear magnification of an
object placed 75.0 cm from the lens. (3)

(e) Half of the lens is now covered such that only rays on one side of the principal axis
are incident on the lens. Describe the effects, if any, that this will have on the linear
magnification and the appearance of the image. (2)

(Total 14 marks)

5 This question is about the wave properties of light.
The diagram below (not to scale) is an arrangement for observing the interference
pattern produced on a screen when the light from two narrow slits S; and S, overlaps. A
beam of light from a laser is incident on the slits and after passing through the slits, the
light is incident on a screen. The separation between the slits is large compared to the
width of the slits and the distance between the slits and the screen is large compared to
the slit separation.
The point X on the screen is equidistant from S; and S,.

screen
double slit
light from laser s,
—_—
—————3p | frececceecciecscecseeseessseesseemm————— X
—-
S
—-




(a) Explain why an interference pattern will not be observed on the screen if the laser

is replaced with a tungsten filament lamp. (2)

(b) On the axes below, draw a sketch-graph to show how the intensity of the observed
interference pattern varies with distance along the screen. (2)
intensity /

arbitrary units

X distance along screen

(c) The wavelength of the light from the laser is 633 nm and the angular separation
of the bright fringes on the screen is 4.00 X 10~ rad. Calculate the distance
between S, and S,. (3)

6 This question is about the formation of coloured fringes when white light is reflected
from thin films.

(@) Name the wave phenomenon that is responsible for the formation of regions of
different colour when white light is reflected from a thin film of oil floating on
water. (1)

(b) A film of oil of refractive index 1.45 floats on a layer of water of refractive index
1.33 and is illuminated by white light at normal incidence.

Illumination
Air

Oil —>

Water —»

When viewed at near normal incidence a particular region of the film looks red, with
an ave